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AAAS. The American Association for the Advancement of Science
was founded in 1848 and incorporated in 1874. Its objectives are to
further the work of scientists, to facilitate cooperation among them, to
foster scientific freedom and responsibility, to improve the effective-
ness of science in promoting human welfare, to advance education in
science, and to increase public understanding and appreciation for the
importance and promise of the methods of science in human progress.
The AAAS headquarters is in Washington, D.C.

AARDVARK (Mammalia, Tubulidentata). African animals of pecu-
liar form and ancient lineage, including an Ethiopian and a South Afri-
can species. All are anteaters, feeding exclusively on ants and termites,
nocturnal in habit, with acute hearing. The southern species has been
called the ant bear. The aardvark is the only living representative of its
order. The animal’s spine, curved from neck to tail in a near-half circle,
gives it a truly prehistoric appearance.

The aardvark is solitary. In daytime it sleeps curled up like a dog in
one of its burrows, often beneath a termite hill. The animal moves al-
most entirely at night, when it seeks termite hills and destroys them to
reach the interior chambers and tunnels alive with insects, which it rap-
idly licks up in lumps. Although usually silent, the animal can grunt like
a hippopotamus. Life span is at least 10 years. In captivity, aardvarks

Aardvark, a sturdy animal about the size of a pig. (a) A long conical head bears
small eyes and large ears, each of the latter moving independently. The short neck
leads to a round high-backed rump with a long stout tail and short stout legs. The
snout terminates with a kind of trunk-shaped snout, like a pig’s. The mouth is
narrow and allows only a long, strap-like, adhesive tongue to pass. The color
ranges between yellow-gray and brown, especially the legs show often a darker
brown or even black color. The forefeet (b) show four fingers only; the thumb or
first finger has vanished completely. The hind feet (c) have five toes each, with
broad claws and webbing between the second and the fourth toes. The animal is
able to erect the forebody or to sit down in erected position. (d) The habitus or
body definitely purveys a pig-like appearance. (Sketches after Grasse, 1955.)
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become accustomed to keepers, but do not show great intelligence. See
accompanying illustration.

ABACA. The sclerenchyma bundles from the sheathing leaf bases of
Musa textilis, a plant closely resembling the edible banana plant. These
bundles are stripped by hand, after which they are cleaned by drawing
over a rough knife. The fiber bundles are now whitish and lustrous, and
from six to twelve feet (1.8-3.6 meters) long. Being coarse, extremely
strong and capable of resisting tension, they are much used in the manu-
facture of ropes and cables. Since the fibers swell only slightly when
wet, they are particularly suited for rope which will be used in water.
Waste manila fibers from rope manufacture and other sources are used
in the making of a very tough grade of paper, known as manila paper.
The fibers may be obtained from both wild and cultivated plants, the
latter yielding a product of better grade. The cultivated plants, propa-
gated by seeds, by cuttings of the thick rhizomes or by suckers, are
ready for harvest at the end of three years, after which a crop may be
expected approximately every three years.

ABALONE (Mollusca, Gasteropoda; Haliotis). Marine species,
mostly of the Pacific and Indian Oceans. The single broad shallow shell
has a richly colored iridescent inner surface and is an important source
of mother-of-pearl and blister pearls for costume jewelry. The flesh is
palatable.

The few whorls of abalone shells are flattened and rapidly increase
in diameter so that the largest part of the shell consists of the last part
of the whorl (ear-form). The European representative of this family is
the Ormer (Haliotis tuberculata), which is characterized by knotty lon-
gitudinal shell ridges. It is distributed from the English Channel to
western Africa. Haliotis tuberculata lamellosa (accompanying figure)
is characterized by transverse shell ridges. Both forms usually measure
5 to 7 centimeters. The largest species occur along the Pacific Coast of
the United States, in northern Japan, and in southern Australia, where
the animals are commercially fished for their delicious meat. The iri-
descent shells are used extensively in making jewelry. Most of the ap-
proximately seventy species are found in cool waters. Some members
of this group attain shell lengths of over 20 centimeters and live to an

Abalone (Haliotis tuberculata lamelosa), characterized by transverse shell
ridges.
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age of 10 to 13 years. Aside from the characteristics already mentioned,
abalones are further unique in that the slit band is present only as a
series of small holes. During further growth, abalones develop addi-
tional holes in a curved line, and the “retired” holes are sealed over.

The abalones inhabiting the intertidal zone to a depth of about 50
meters scrape algae off rocks. All abalone species have adapted to this
ecological niche by developing a broad suction foot with a correspond-
ingly large shell. The light-shunning animals attach themselves to
shady parts of the rock with this broad foot. The suction force of this
foot is more than 4000 times that of the animal’s body weight. See also
Mollusks.

ABBE CONDENSER. A compound lens used for directing light
through the object of a compound microscope. All the light enters the
object at an angle with the axis of the microscrope. See also Micro-
scope.

ABBE NUMBER. The reciprocal of the dispersive power of a mate-
rial. It is also called the v-number.

ABBE SINE CONDITION. The relationship
nysin® = n'y’ sin 9’,

where n,n’ are refractive indices, y,p’ are distances from optical axis,
and 6,8' are angles light rays make with the optical axis. A failure of an
optical surface to satisfy the sine condition is a measure of the coma of
the surface.

ABDOMEN. The abdomen is the posterior division of the body in
many arthropods. It is the posterior portion of the trunk in vertebrates.
In the vertebrates this region of the body contains most of the alimen-
tary tract, the excretory system, and the reproductive organs. It contains
part of the coelom and in mammals is separated from the thorax by the
diaphragm.

The abdominal cavity of the human body is subdivided into the ab-
domen proper and the pelvic cavity.

The walls of the abdominal cavity are lined with a smooth membrane
called the peritoneum, which also provides partial or complete covering
for the organs within the cavity.

The abdomen proper is bounded above by the diaphragm; below it is
continuous with the pelvic cavity; posteriorly it is bounded by the spi-
nal column, and the back muscles; and on each side by muscles and the
lower portion of the ribs. In front, the abdominal wall is made up of
layers of fascia and muscles. The abdomen is divided into nine regions
whose boundaries may be indicated by lines drawn on the surface. The
mid-section above the navel between the angle of the ribs is known as
the epigastric region; that portion around the navel, as the umbilical;
below the navel and above the pubic bone, as the hypogastric region. It
is further divided into right and left upper quadrants on each side above
the navel, and right and left lower quadrants on each side below the
navel. The lumbar region extends on either side of the navel posteriorly
and laterally.

The principal organs of the abdominal cavity are the stomach, duo-
denum, jejunum, ileum, and colon or large intestine, the liver, gall
bladder and biliary system, the spleen, pancreas and their blood and
lymphatic vessels, lymph glands, and nerves, the kidneys and ureters.

The pelvic portion of the abdomen contains the sigmoid colon and
rectum, a portion of the small intestine, the bladder, in the male the
prostate gland and seminal vesicles, in the female the uterus, Fallopian
tubes and ovaries.

ABEL EQUATION. A mass point moves along a smooth curve in a
vetical plane and under the influence of gravity alone. Given the time,
t, required for the particle to fall from a point, x, to the lowest point on
the curve as a function of x, what is the equation of the curve? The
problem leads to a Volterra integral equation of the first kind.

o (t) dt
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where g is the acceleration of gravity. The solution is

N2 [T fwar
and the equation of the curve is
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A closely related problem is that of the brachistochrone, where the path
is required for a minimum time of descent. Such matters were of con-
siderable interest to many seventeenth and eighteenth century mathe-
maticians; the one described here was solved by the Norwegian, N. H.
Abel (1802-1829). See also Brachistochrone.

A more general case of the Abel equation is

f(x) :Jo(x — ) ed(y) dy

where f{(x) is continuously differentiable for x = 0 and 0 < oo < 1. The
solution is

sin amw | [V el e
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A first-order differential equation

Y= fox) + LY + L)+ fxy

is also known as an Abel equation. When the fi(x) are given explicitly,
the equation can often be converted into one of simpler type and solved
in terms of elementary functions. In the general case the solution in-
volves elliptic functions.

ABELIAN GROUP. A commutative group, namely such that 4B =
BA where A4, B are any two elements contained in it.

ABERRATION OF LIGHT. The apparent change of position of an
object, due to the speed of motion of the observer. Care must be taken
not to confuse this effect with that of parallax.

If a telescope, assumed to be stationary, is pointed at a source of
light, the light that enters the object glass centrally and in the direction
of the optic axis will pass through the telescope along that axis and
emerge through the center of the eyepiece. If the telescope is in motion
relative to the source, in any direction other than parallel to the optic
axis, the light that enters centrally will emerge off the center of the
eyepiece. If this light is to emerge centrally, the telescope must be
tilted forward in the plane containing the direction of motion of the
instrument and the source. The amount of tilt will depend on the di-
rection of the source and the ratio of the speed of the telescope to the
speed of light.

This aberrational effect was first announced by Bradley in 1726. He
noticed that stars had apparent periodic motions with a period of one
sidereal year, and that the character of the apparent motion depended
upon the celestial latitude of the star. He correctly interpreted the effect
as due to the motion of the earth about the sun. Statistical discussions
of the observations of a large number of stars have shown that the maxi-
mum value of this aberration due to the earth’s orbital motion is 20”.47.
This is known as the “aberration angle” or the “constant of aberration,”
and is given by

_ 2ma cosec 1”
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where a is the mean radius of the earth’s orbit, ¢ is the velocity of light,
T is the length of the year in seconds, and e is the eccentricity of the
orbit. An aberrational effect of about 0”.3, at maximum, is observed,
due to the rotation of the earth on its axis, and is given by
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where p is the radius of the earth, ¢ is the latitude of the place, and ¢ is
the length of the day in seconds.



In 1871, Airy made a series of observations for determination of the
aberration constant, using a telescope filled with water. Because the
value of the index of refraction of water is about 13, Airy expected that
the value of the aberration would be 27".3 when using the water-filled
tube. He found, however, that the value was 20”.5 no matter what sub-
stance was placed in the telescope. The result of this so-called “Airy’s
Experiment” caused much discussion, but was eventually explained on
the basis of the Michelson-Morley experiment and the theory of rela-
tivity.

All observations in which the positions of the stars are involved must
be corrected for aberration of light if the results are to be accurate to
within 20”. Both the motion of the earth about the sun and the rotation
of the earth must be considered. The magnitude of the correction de-
pends upon the celestial coordinates of the star, the position of the ob-
server on the earth, and the date and time of observation.

ABERRATION (Optical). The failure of an optical system to form
an image of a point as a point, of a straight line as a straight line, and
of an angle as an equal angle. See also Astigmatism; Chromatic Ab-
erration; Coma (Optics); Curvature of Field (Optics); Spherical
Aberration.

ABLATION (Geomorphology). Essentially, the wasting away of
rocks; the separation of rock material and formation of residual depos-
its, as caused by wind action or the washing away of loose and soluble
materials.

ABLATION (Glaciology). The combined processes (sublimation,
melting, evaporation) by which snow or ice is removed from the surface
of a glacier or snowfield. In this sense, the opposite of alimentation.
Ablation also refers to the amount of snow or ice removed by the afore-
mentioned processes (the opposite of accumulation). The term may be
applied to reduction of the entire snow-ice mass, and may also include
losses by wind action and by calving (the breaking off of ice masses).
Air temperature is the dominant factor in controlling ablation. During
the ablation season, an ablation rate of about two millimeters/hour is
typical of most glaciers. An ablatograph is an instrument that measures
the distance through which the surface of snow, ice, or firn charges, as
caused by ablation, during a specific period.

ABLATION (Meteorite). The direct vaporization of molten surface
layers of meteorites and tektites during flight.

ABLATION (Spacecraft). In the interest of cooling space vehicles
upon re-entry into the earth’s atmosphere, ablation is used to control the
temperature of strongly heated surfaces, such as parts of combustion
chambers or nose cones. The process usually consists of the use of sur-
face layers of materials which by their fusion, followed often by evapo-
ration, absorb heat.

The heat of ablation is a measure of the effective heat capacity of an
ablating material. Numerically, this is the heating rate input divided by
the mass loss rate which results from ablation. In the most general case,
heat of ablation is given by

(g, +q, — oeT})im

where ¢, is the convective heat transfer in the absence of ablation; g, is
the radiative heat transfer from hot gases to ablation material, ceT4 is
the rate of heat rejection by radiation from external surface of ablation
material; and # is rate at which gaseous ablation products are injected
into the boundary layer.

Heat of ablation is sometimes evaluated neglecting the heat rejected
by radiation and as a result unrealistically high heats of ablation are
obtained.

If g, < oeT?%, for moderate values of stream enthalpy #,, the heat of
ablation is given by

H, + m(h, = h,)

where H, is the heat required to cause a unit weight of mass to be in-
jected into boundary layer; m is the blocking factor, with numerical
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value from about 0.2 to 0.6 depending on material and type of flow; and
h,, is the enthalpy at wall temperature.

ABNEY EFFECT. A shift in hue which is the result of a variation in
purity and, therefore, in saturation. The Abney effect may be repre-
sented by chromaticity loci, of specified luminance, with the hue and
brightness constant, when purity and, therefore, saturation are varied.
It is a relationship, of psychophysical nature, between psychophysical
specifications and color sensation attributes.

ABRASION. All metallic and nonmetallic surfaces, no matter how
smooth, consist of minute serrations and ridges which induce a cutting
or tearing action when two surfaces in contact move with respect to
each other. This wearing of the surfaces is termed abrasion. Undesirable
abrasion may occur in bearings and other machine elements, but abra-
sion is also adapted to surface finishing and machining, where the ma-
terial is too hard to be cut by other means, or where precision is a pri-
mary requisite.

ABRASION pH. A term originated by Stevens and Carron in 1948
“to designate the pH values obtained by grinding minerals in water.”
Abrasion pH measurements are useful in the field identification of min-
erals. The pH values range from 1 for ferric sulfate minerals, such as
coquimbite, konelite, and rhomboclase, to 12 for calcium-sodium car-
bonates, such as gaylussite, pirssonite, and shortite. The recommended
technique for determining abrasion pH is to grind, in a nonreactive mor-
tar, a small amount of the mineral in a few drops of water for about one
minute. Usually, a pH test paper is used. Values obtained in this manner
are given in the left-hand column of the accompanying table. Another
method, proposed by Keller et al. in 1963 involves the grinding of 10
grams of crushed mineral in 100 milliliters of water and noting the pH
of the resulting slurry electronically. Values obtained in this manner are
given in the right-hand column of the accompanying table.

ABRASION pH VALUES OF REPRESENTATIVE MINERALS

pH by pH by
Stevens-Carron Keller ct al.
Mineral Method Method*

Coquimbite 1
Melanterite 2
Alum 3
Glauconite 5 5.5%
Kaolinite 5,6,7 5.5%
Anhydrite 6
Barite 6
Gypsum 6
Quartz 6,7 6.5
Muscovite 7,8 8.0
Calcite 8 8.4
Biotite 8,9 8.5
Microcline 8,9 8.0 9.0*
Labradorite 8.0 9.2*
Albite 9,10
Dolomite 9,10 8.5
Hornblende 10 8.9
Leucite 10
Diopside 10, 11 9.9
Olivine 10, 11 9.6*
Magnesite 10, 11

*indicates more recent values published in literature.

ABS (Acrylonitrile-Butadiene-Styrene) RESINS. Thermoplastic
resins which are produced by grafting styrene and acrylonitrile onto a
diene-rubber backbone. The usually preferred substrate is polybutadi-
ene because of its low glass-transition temperature (just above —80°C).
Where ABS resin is prepared by suspension or mass polymerization
methods, stereospecific diene rubber made by solution polymerization
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Acrylonitrile-butadiene-styrene (ABS) resin manufacturing process. (BorgWarner Chemicals.)

is the preferred diene. Otherwise the diene used normally is a high-gel
or cross-linked latex made by a “hot-emulsion” process.

In most ABS polymerization approaches, a rubber substrate is manu-
factured in an initial stage, with the styrene/acrylonitrile copolymer
matrix being generated in one or more subsequent stages. An example
of one approach is shown in block diagram format in the accompanying
illustration.

STEP 1—Polybutadiene rubber is formulated by feeding butadiene,
water, an emulsifier, and catalyst into a glass-lined reactor. This is an
exothermic reaction. About 80% conversion is achieved in a period of
about 50 hours. The residual butadiene monomer is recovered by steam-
stripping and recycled.

STEP 2—Polybutadiene rubber is further polymerized, but in the
presence of styrene and acrylonitrile monomers. This is done in low-
pressure reactors under a nitrogen atmosphere. In this operation, the
monomers are grafted onto the rubber backbone through the residual
unsaturation remaining from the first step.

STEP 3—In a separate step, styrene-acrylonitrile (SAN) resin is pre-
pared by emulsion, suspension, or mass polymerization by free-radical
techniques. The operation is carried out in stainless-steel reactors oper-
ated at about 75°C (167°F) and 5 psig for about 7 hours. The final
chemical operation is the blending of the ABS graft phase with the SAN
resin, plus adding various antioxidants, lubricants, stabilizers, and pig-
ments. Final operations involve preparation of a slurry of fine resin
particles (via chemical flocculation), filtering, and drying in a standard
fluid-bed dryer at 121-132°C (250-270°F) inlet air temperature.

It should be noted that many different polymerization techniques are
used commercially to generate substrate, graft, and rigid backbone dur-
ing the manufacture of ABS. These include emulsion, suspension, so-

lution, and bulk polymerization. Also, twin-screw extruders, continu-
ous mixers, and intensive internal fluxing mixers are used in addition
to single-screw extruders as compounding devices.

Properties of ABS Resins. These resins incorporate a desirable bal-
ance of impact resistance, hardness, chemical resistance, a range of sur-
face gloss levels, and non-staining properties. The dimensional stability
of ABS is good; creep resistance is excellent. The resins have relatively
low water absorption or change in volume over a range of humidities.
Commercial forms of ABS include custom color-matched compounded
pellets, natural pellets (unpigmented), and granular resins for use in
compounding or alloying with other plastics.

Conversion of ABS Resins. A wide range of standard converting
processes is applicable to ABS resins, including injection molding;
compression molding; sheet extrusion followed by either pressure
forming or vacuum forming; pipe extrusion; profile extrusion; and
blow molding. ABS is slightly hygroscopic and should be dried prior to
processing. Common fabricating techniques, such as drilling, sawing,
riveting, solvent or ultrasonic welding, and insertion of metal fasteners
can be used with ABS. Also, ABS can be hot stamped, painted, lami-
nated, embossed, and, depending upon the grade of resin, electroplated
or vacuum metallized.

Typical ABS Products. Injected molded parts can be found in tele-
phone sets, refrigerator parts, plumbing fixtures and fittings, radios,
televisions, small household appliances, business machines and per-
sonal computers, and numerous products for the automotive industry,
including interior/exterior trim and bumpers. Examples of ABS extru-
sion grade product uses include refrigerator door and tank liners, bath-
tub surrounds, and boat hulls. These parts are made by extruding ABS
into sheets and subsequently vacuum forming or pressure forming the



sheet into the desired shape. ABS can also be directly extruded into the
desired part, as with the extrusion of drain waste and vent (DWV) pip-
ing and profile extrusion of refrigerator breaker strips. Blow molding
is an extrusion grade processing approach that is gaining in popularity
and involves applications such as water tanks, interior and exterior
doors, and some automotive parts. For these various applications, either
general-purpose or specialty grades of ABS may be used. Some of the
special properties that can be imparted to ABS follow:

Flame retardancy (FR) is a characteristic frequently needed in the
manufacture of business machine and personal computer housings,
some small appliances, and telecommunications equipment, among
others. Flame retardancy can be imparted to ABS either by alloying
with an inherently flame-retardant polymer, such as PVC (polyvinyl
chloride), or by the use of a halogenated (predominantly bromine-re-
lated compounds) additive system. These FR grades of ABS can be de-
signed to meet various flammability standards, such as those of Under-
writers Laboratories, depending upon the needs of the application. In
addition to flame retardancy, some business machine applications re-
quire RFI/EMI (radio frequency/electromagnetic interference) shield-
ing. This is accomplished with ABS by giving the surface of the mate-
rial a conductive coating via processes such as painting, electroplating,
or vacuum metallizing.

High temperature resistance is a property of particular importance
in the automotive interior trim area. Elevated temperature resistance is
accomplished by either incorporating alpha methyl styrene or maleic
anhydride in the basic formula, or by alloying ABS with polycarbonate.
Heat deflection temperatures of 240°F (116°C) are possible by using
these approaches.

Transparency can be imparted to ABS by using methyl methacrylate
as the fourth monomer. The major use of transparent ABS is in the
manufacture of refrigerator crisper trays.

Foamed ABS. The resin can be foamed either through the use of a
chemical blowing agent, or by direct injection of nitrogen into the melt
during processing. Structural foam grades of ABS are available in
either general-purpose or flame-retardant formulas. Foam core pipe is
manufactured by coextruding solid inner and outer skins around a
structural foam wall interior. This is a widely practiced technique used
by pipe extruders to reduce DWV pipe specific gravity, while not com-
promising pipe performance characteristics.

Other special characteristics can be imparted to ABS by various for-
mula modifications. Some grades with specific thermal elongation
characteristics can be electroplated or sputter coated. These materials
find wide application in the automotive trim market. Gloss variations
from matte-finish to high gloss are available to meet specific require-
ments. ABS can be reinforced with materials such as glass fibers, alu-
minum flake, mica, or barium ferrite. Although the ultraviolet (UV)
stability of ABS has been historically poor, significant enhancement
has recently been made by using special pigments, UV stabilizers, and
paint systems. The use of polyelectrolytes in the formula has made it
possible to offer grades of ABS with some antistatic qualities.

Engineering Staff, BorgWarner Chemicals,
Washington, West Virginia.

ABSAROKITE. A geologic term proposed by Iddings in 1805 for a
porphyritic basalt containing phenocrysts of olivine and augite in a
ground mass of smaller labradorite crystals. Type locality, Absaroka
Range, Wyoming.

ABSCESS. A localized collection of pus within a cavity. An abscess
may occur in many organs of the body. Abscesses can present a range
of symptoms, depending upon location and cause, varying from severe,
acute forms to milder, chronic forms. The presence of an abscess is
always considered a serious matter by the physician because without
immediate treatment, very serious consequences may occur.

Peritonsillar abscess (quinsy) develops between the capsule of the
tonsil and the muscular bed of its fossa, being usually situated above
and lateral to the tonsil. Such abscesses should be opened immediately
and the cavity subjected to hot mouth washes while the patient is placed
under standard antibiotic therapy.

Lung abscesses are among the more serious types. With the advent
of antibiotics, the occurrence and severity of lung abscesses decreased
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markedly. Over half of the lung abscesses seen originate from a ne-
crotizing suppurative bronchopneumonia resulting from the aspiration
of mixed bacteria from the mouth and throat. Lung abscesses are some-
times associated with periodontal disease. In most cases, mixed an-
aerobic bacteria, such as Fusobacterium nucleatum, Bacteroides
melaninogenicus, and anaerobic or microaerophilic streptococci and
Peptostreptoccus predominate. B. Fragilis also may be present. Ab-
scess formation is uncommon in pneumococcal pneumonia. Lung ab-
scesses also may result from tumors or foreign bodies that cause bron-
chial obstruction. Other possible causes include pulmonary
tuberculosis, fungal infection, and actinomycosis. Cough is present in
nearly all patients. Copious foul sputum may result from drainage of
the abscess into the bronchial tree. Chest pain and fever are common
symptoms. X-rays may be required to confirm the presence of a lung
abscess. Sputum examination is critical to diagnosis. Bronchoscopy is
usually reserved for more difficult cases. Intravenous penicillin fol-
lowed by oral penicillin V may be indicated. For penicillin-allergic pa-
tients, clindamycin may be used. Adequate drainage is also an impor-
tant element of therapy. Where empyema is a complication of lung
abscess, external drainage is required. Surgery is required in only a
minimum of cases of lung abscesses, but was frequently required prior
to antibiotics.

Liver abscess is most commonly caused by an amoeba (Entameba
histolytica) which reaches the liver via the portal vein from sites where
trophozoites have penetrated the colonic epithelium and the vessels of
the submucosa. The abscess contents are not classically pus because
they do not contain inflammatory cells and bacterial residues; the con-
tents are usually sterile and contain only lysed liver cells. The patient
has usually resided in the tropics and presents with pain in the right
hypochondrium, epigastrium, and right shoulder. Some hepatomegaly
is occasionally seen and, when the left lobe of the liver is affected, it
may rupture into the pericardium, leading to signs of pericardial tam-
ponade.

Metronidazole is the drug of first choice in treatment together with
aspiration of the abscess contents, although in small abscesses the che-
motherapy may suffice.

Intra-abdominal abscesses usually contain multiple bacterial spe-
cies. Anaerobic bacteria are present in 60—70% of cases because of the
proximity of the peritoneum to the bowel. The abscesses range from a
small, acute disorder to a chronic process that causes intermittent fever,
weight loss, and anemia. These “smouldering” abscesses sometimes re-
sult from a prior infection that was not fully eradicated by antibiotic
therapy, allowing a pocket of infection to persist and slowly develop.
Physicians, when attempting to diagnose a fever of undetermined ori-
gin, will usually ask the patient if there has been relatively recent ab-
dominal surgery. The principal treatment for subphrenic abscesses is
surgical drainage. Multiple antibiotic therapy is also used to reach a
spectrum of possible causative organisms.

Although appendicitis is not classically considered an abscess, its
treatment follows the general approach since delay in treatment can
lead to generalized peritonitis or development of an abscess in the ap-
pendicular region.

Mediastinitis is an inflammation of the wall dividing the two pleural
cavities; a common complication is mediastinal abscess. Sometimes
the abscess opens and empties its contents into the trachea; either the
patient will cough up large amounts of pus, or he may suffocate. Me-
diastinitis may occur as a result of perforation of the esophagus. This
can happen when a sharp foreign body becomes lodged in the esopha-
gus, during attempts to remove it, or during examination of the organ
for other reasons. Mediastinitis also can result from a bullet or stab
wound.

Abscess of the breast may occur within the first month after child-
birth. It is caused by infections entering through a “cracked nipple.”
The unfortunate consequences of a breast abscess are that the infant is
deprived of breast milk, plus the fact that the mother has a long period
of discomfort and pain. Treatment is instituted as quickly as possible in
order to avoid a prolonged convalescent period, as well as the possibil-
ity of the destruction of a large amount of breast tissue.

Anal infections may cause anal fissure, hemorrhoids, abscess, and
fistula, and are usually the result of invasion of the numerous tiny
glands or crypts, which abound in the tissues adjacent to the anus. If the
infection spreads through the wall of the anus, an abscess may occur in
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the tissues around the anus, and this may burst through the skin around
the anus or back into the rectum. In either case, the abscess cavity has
two openings, the original site of entry of the infection and the point
where it bursts through. Fistula is the term by which such a condition
is designated.

In abscess of the external ear, there is pain and tenderness over the
affected area. The auricle may enlarge to two or three times the normal
size. If proper care is not given, the ear may be permanently distorted
in shape. Antibiotics and sulfonamide drugs may be used effectively.
Surgical treatment may be required, but only after careful examination
by a specialist.

Intracranial abscesses are usually derived from middle ear infec-
tions, which account for two-thirds of the cases, while frontal sinus
infections account for a further one-sixth. The infection is blood-borne
after clinical septicemia and may follow tooth extraction. Although the
infection may initially be entirely extradural, it will eventually pene-
trate the dura, causing a variety of problems—even ventriculitis. Cra-
nial abscesses are usually surrounded by a considerable volume of ede-
matous brain tissue and the mass effect of the edema can equal or
exceed the potential damage of the abscess mass itself.

Epidural abscesses of the spinal cord are usually the result of Staphy-
lococcus infections and are usually metastatic from other sites. They
can, however, lead to a rapidly advancing paraplegia, and in such cases
only myelography can distinguish the conditions. Treatment requires
prompt evacuation and antibiotic therapy, but even then prognosis is not
good because permanent damage may result to the spinal cord.

Periapical abscesses occur at the apical (apex) region of a tooth as
the result of death of the pulp tissue. Periodontal abscesses occur in the
tissues closely surrounding a tooth, such as gingiva, bone, or the peri-
odontal membrane. When an abscess breaks through a limiting mem-
brane, working through surrounding bone to external soft tissue, a gum
boil may result.

R. C. Vickery, M.D.; D.Sc.; Ph.D., Blanton/Dade City, Florida.

ABSCISSION. This term is applied to the process whereby leaves,
leaflets, fruits, or other plant parts become detached from the plant.
Leaf abscission is a characteristic phenomenon of many species of
woody dicots and is especially conspicuous during the autumn period
of leaf fall. The onset of abscission seems to be regulated by plant hor-
mones. Three main stages can be distinguished in the usual process of
leaf abscission. The first is the formation of an abscission layer which
is typically a transverse zone of parenchymatous cells located at the
base of the petiole. The cells of this layer may become differentiated
weeks or even months before abscission actually occurs. The second
step is the abscission process proper which occurs as a result of a dis-
solution of the middle lamellae of the cells of the abscission layer. This
results in the leaf remaining attached to the stem only by the vascular
elements which are soon broken by the pressure of wind or the pull of
gravity and the leaf falls from the plant. In the final stage of the process
the exposed cells of the leaf scar are rendered impervious to water by
lignification and suberization of the walls.

Subsequently other layers of corky cells develop beneath the outer
layer. These layers eventually become a part of the periderm of the stem.
The broken xylem elements of the leaf scar become plugged with gums
or tyloses and the phloem elements become compressed and sealed off.

In some kinds of plants an abscission layer is only imperfectly
formed and in many others, especially herbaceous species, no abscis-
sion layer develops at the base of the petiole. In a few herbaceous spe-
cies, of which coleus, begonia, and fuchsia are examples, an abscission
layer develops. In the majority of herbaceous species, however, and in
some woody species, there is no true abscission process. In such herba-
ceous plants most or all of the leaves are retained until the death of the
plant. In the woody plants falling in this category (example: shingle
oak, Quercus imbricaria) the leaves are shed only by mechanical dis-
ruption from the plant. Abscission of the fruits of apple and doubtless
of many other species occurs in much the same manner as abscission of
leaves. The abscission of apple fruits can be artificially retarded by
spraying with certain growth regulators.

Various plant hormones and plant growth regulators can be of help
to the fruit producer in terms of controlling the timing of abscission.
See also Gibberellic Acid and Gibberellin Plant Growth Hormones;

and Plant Growth Modification and Regulation. See also related en-
tries under Tree.

Abscission is covered in detail in “Abscission,” by F. T. Addicott,
University of California Press, Berkeley, California, 1982.

ABSOLUTE SPACE-TIME. A fundamental concept underlying
Newtonian mechanics is that there exists a preferred reference system
to which all measurements should be referred. This is known as abso-
lute space-time. The assumption of such a system is replaced in rela-
tivistic mechanics by the principle of equivalence. See Equivalence
Principle; Relativity and Relativity Theory.

ABSOLUTE TENSOR (Tensor Field). Tensor (tensor field) of
weight zero. Often called tensor (tensor field) when context admits no
confusion. See also Tensor Field.

ABSOLUTE ZERO. Conceptually that temperature where there is
no molecular motion, no heat. On the Celsius scale, absolute zero is
—273.15°C; on the Fahrenheit scale, —459.67°F; and zero degrees Kel-
vin (0K). The concept of absolute zero stems from thermodynamic pos-
tulations.

Heat and temperature were poorly understood prior to Carnot’s
analysis of heat engines in 1824. The Carnot cycle became the concep-
tual foundation for the definition of temperature. This led to the some-
what later work of Lord Kelvin, who proposed the Kelvin scale based
upon a consideration of the second law of thermodynamics. This leads
to a temperature at which all the thermal motion of the atoms stops. By
using this as the zero point or absolute zero and another reference point
to determine the size of the degrees, a scale can be defined. The Comité
Consultative of the International Committee of Weights and Measures
selected 273.16K as the value for the triple point for water. This set the
ice-point at 273.15K.

From the standpoint of thermodynamics, the thermal efficiency £ of
an engine is equal to the work W derived from the engine divided by the
heat supplied to the engine, Q2. If Q1 is the heat exhausted from the
engine,

E=W/Q2)=(Q2 - 0102 =1—(Q1/Q2)

where W, Q1, and Q2 are all in the same units. A Carnot engine is a
theoretical one in which all the heat is supplied at a single high tempera-
ture and the heat output is rejected at a single temperature. The cycle
consists of two adiabatics and two isothermals. Here the ratio 01/02
must depend only on the two temperatures and on nothing else. The
Kelvin temperatures are then defined by the relation
where Q1/Q2 is the ratio of the heats rejected and absorbed, and T1/72
is the ratio of the Kelvin temperatures of the reservoir and the source.
If one starts with a given size for the degree, then the equation com-
pletely defines a thermodynamic temperature scale.
ol Tl
Q2 T2
A series of Carnot engines can be postulated so that the first engine
absorbs heat O from a source, does work W, and rejects a smaller
amount of heat at a lower temperature. The second engine absorbs all
the heat rejected by the first one, does work and rejects a still smaller
amount of heat which is absorbed by a third engine, and so on. The
temperature at which each successive engine rejects its heat becomes
smaller and smaller, and in the limit this becomes zero so that an engine
is reached which rejects no heat at a temperature which is absolute zero.
A reservoir at absolute zero cannot have heat rejected to it by a Carnot
engine operating between a higher temperature reservoir and the one at
absolute zero. This can be used as the definition of absolute zero. Ab-
solute zero is then such a temperature that a reservoir at that tempera-
ture cannot have heat rejected to it by a Carnot engine which uses a heat
source at some higher temperature.

ABSORBANCE. By combining the laws of Bouguer and Beer, the
absorbance

1
A=—logT= logT0 = abc



where T is the transmittance, I, and 7 are the intensities of light incident
and transmitted by a sample of thickness, b, concentration ¢ (if the sam-
ple is in solution) and absorptivity a. It is assumed that all necessary
corrections have been made in a reported value of 4, hence terms such
as absorbancy, absorptance, and absorptancy should not be used.

ABSORBER. In general, a medium, substance or functional part that
takes up matter or energy. In radiation and particle physics, an absorber
is a body of material introduced between a source of radiation and a
detector to (1) determine the energy or nature of the radiation; (2) to
shield the detector from the radiation; or (3) to transmit selectively one
or more components of the radiation, so that the radiation undergoes a
change in its energy spectrum. Such an absorber may function through
a combination of processes of true absorption, scattering and slowing-
down.

ABSORPTIMETRY. A method of instrumental analysis, frequently
chemical, in which the absorption (or absence thereof) of selected elec-
tromagnetic radiation is a qualitative (and often quantitative) indication
of the chemical composition of other characteristics of the material un-
der observation. The type of radiation utilized in various absorption-
type instruments ranges from radio and microwaves through infrared,
visible, and ultraviolet radiation to x-rays and gamma rays. See also
Analysis (Chemical); and Spectro Instruments.

ABSORPTION COEFFICIENT. 1. For the absorption of one sub-
stance or phase in another, as in the absorption of a gas in a liquid, the
absorption coefficient is the volume of gas dissolved by a specified
volume of solvent; thus a widely used coefficient is the quantity o in
the expression a = V,/V,, where Vj is the volume of gas reduced to
standard conditions, ¥ is the volume of liquid and p is the partial pres-
sure of the gas.

2. In the case of sound, the absorption coefficient (which is also
called the acoustical absorptivity) is defined as the fraction of the inci-
dent sound energy absorbed by a surface or medium, the surface being
considered part of an infinite area.

3. Inthe most general use of the term absorption coefficient, applied
to electromagnetic radiation and atomic and subatomic particles, is a
measure of the rate of decrease in intensity of a beam of photons or
particles in its passage through a particular substance. One complica-
tion in the statement of the absorption coefficient arises from the cause
of the decrease in intensity. When light, x-rays, or other electromag-
netic radiation enters a body of matter, it experiences in general two
types of attenuation. Part of it is subjected to scattering, being reflected
in all directions, while another portion is absorbed by being converted
into other forms of energy. The scattered radiation may still be effective
in the same ways as the original, but the absorbed portion ceases to exist
as radiation or is re-emitted as secondary radiation. Strictly, therefore,
we have to distinguish the true absorption coefficient from the scatter-
ing coefficient; but for practical purposes it is sometimes convenient to
add them together as the total attenuation or extinction coefficient.

If appropriate corrections are made for scattering and related effects,
the ratio /1, is given by the laws of Bouguer and Beer. Here, [, is the
intensity or radiant power of the light incident on the sample and / is
the intensity of the transmitted light. This ratio ///, = T is known as the
transmittance. See also Spectrochemical Analysis (Visible).

ABSORPTION CURVE. The graphical relationship between thick-
ness of absorbing material or concentration of dissolved substance and
intensity of transmitted radiation.

ABSORPTION DISCONTINUITY. A discontinuity appearing in
the absorption coefficient of a substance for a particular type of radia-
tion when expressed as a function of the energy (or frequency or wave-
length) of this radiation. An absorption discontinuity is often associated
with anomalies in other variables such as the refractive index. See
Anomalous Dispersion.

ABSORPTION EDGE. The wavelength corresponding to an abrupt
discontinuity in the intensity of an absorption spectrum, notably an x-
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ray absorption spectrum, which gives the appearance of a sharp edge in
the display of such a spectrum.

ABSORPTION (Energy). The process whereby the total number of
particles emerging from a body of matter is reduced relative to the num-
ber entering as a result of interaction of the particles with the body.
Also, the process whereby the kinetic energy of a particle is reduced
while traversing a body of matter. This loss of kinetic energy or radia-
tion is also referred to as moderation, slowing, or stopping. See also
Black Body. The absorption of mechanical energy by dynamometers,
which convert the mechanical energy to heat or electricity, has led to
the use of the term “absorption dynamometer” to distinguish these ma-
chines. See also Dynamometer. In acoustics, absorption is the process
whereby some or all of the energy of sound waves is transferred to a
substance on which they are incident or which they traverse.

ABSORPTION (Physiology). The process by which materials enter
the living substance of which the organism is composed. Materials in-
cluding food and oxygen are taken into special organs by ingestion and
respiration, but they must pass through the cell wall to become an inte-
gral part of the organism by absorption. The basic physical forces in-
volved are those of osmosis and diffusion.

ABSORPTION (Process). Absorption is commonly used in the proc-
ess industries for separating materials, notably a specific gas from a
mixture of gases; and in the production of solutions such as hydrochlo-
ric and sulfuric acids. Absorption operations are very important to
many air pollution abatement systems where it is desired to remove a
noxious gas, such as sulfur dioxide or hydrogen sulfide, from an efflu-
ent gas prior to releasing the material to the atmosphere. The absorption
medium is a liquid in which (1) the gas to be removed, i.e., absorbed is
soluble in the liquid, or (2) a chemical reaction takes place between the
gas and the absorbing liquid. In some instances a chemical reagent is
added to the absorbing liquid to increase the ability of the solvent to
absorb.

Wherever possible, it is desired to select an absorbing liquid that can
be regenerated and thus recycled and used over and over. An example
of absorption with chemical reaction is the absorption of carbon diox-
ide from a flue gas with aqueous sodium hydroxide. In this reaction,
sodium carbonate is formed. This reaction is irreversible. However,
continued absorption of the carbon dioxide with the sodium carbonate
solution results in the formation of sodium acid carbonate. The latter
can be decomposed upon heating to carbon dioxide, water, and sodium
carbonate and thus the sodium carbonate can be recycled.

Types of equipment used for absorption include (1) a packed tower
filled with packing material, absorbent liquid flowing down through
the packing (designed to provide a maximum of contact surface), and
gas flowing upward in a countercurrent fashion; (2) a spray tower in
which the absorbing liquid is sprayed into essentially an empty tower
with the gas flowing upward; (3) a tray tower containing bubble caps,
sieve trays, or valve trays; (4) a falling-film absorber or wetted-wall
column; and (5) stirred vessels. Packed towers are the most commonly
used.

A representative packed-type absorption tower is shown in Fig. 1. In
addition to absorption efficiency, a primary concern of the tower de-
signer is that of minimizing the pressure drop through the tower. The
principal elements of pressure drop are shown at the right of the dia-
gram. Important to efficiency of absorption and pressure drop is the
type of packing used. As shown by Fig. 2, over the years numerous
types of packings (mostly ceramic) have been developed to meet a wide
variety of operating parameters. A major objective is that of providing
as much contact surface as is possible with a minimum of pressure drop.
Where corrosion conditions permit, metal packing sometimes can be
used. Of the packing designs illustrated, the berl saddles range in size
from ; inch (6 millimeters) up to 2 inches (5 centimeters); raschig rings
range from 1 inch (6 millimeters) up to 4 inches (10 centimeters); less-
ing rings range from 1 inch (2.5 centimeters) up to 2 inches (5 centime-
ters); partition and spiral rings range from 3 inches (7.5 centimeters) up
to 6 inches (15 centimeters).

In operation, the absorbing liquid is pumped into the top of the col-
umn where it is distributed by means of a weir to provide uniform dis-
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Fig. 1. Section of representative packed absorption tower.

SRR
© &

Prym triangular packing Divided rings Raschig rings

Hollow ball packing Partition rings Berl saddle

Fig. 2. Types of packing used in absorption towers.

tribution of the liquid over the underlying packing. Gas enters at the
base of the tower and flows upward (countercurrent with the liquid) and
out the top of the tower. The liquid may or may not be recycled without
regeneration, depending upon the strength of the absorbent versus the
quantity of material (concentration) in the gas to be removed. In a con-
tinuous operation, of course, a point is reached where fresh absorbing
liquid must be added.

It is interesting to note that over 100,000 of the +-inch (6-millimeter)
size packing shapes will be contained in each cubic foot (0.02832 cubic
meter) of tower space if dense packing is desired.

In the purification of natural gas, the gas is fed into the bottom of an
absorption tower where the gas is contacted countercurrently by a lean
absorption oil. Hydrochloric acid is produced by absorbing gaseous hy-
drogen chloride in water, usually in a spray-type tower. Unreacted am-
monia in the manufacture of hydrogen cyanide is absorbed in dilute
sulfuric acid. In the production of nitric acid, ammonia is catalytically
oxidized and the gaseous products are absorbed in water. The ethano-
lamines are widely used in scrubbing gases for removal of acid com-
pounds. Hydrocarbon gases containing hydrogen sulfide can be
scrubbed with monoethanolamine, which combines with it by salt for-
mation and effectively removes it from the gas stream. In plants synthe-
sizing ammonia, hydrogen and carbon dioxide are formed. The hydro-
gen can be obtained by countercurrently scrubbing the gas mixture in a

packed or tray column with monoethanolamine which absorbs the carb-
on dioxide. The latter can be recovered by heating the monoethano-
lamine. In a nonliquid system, sulfur dioxide can be absorbed by dry
cupric oxide on activated alumina, thus avoiding the disadvantages of a
wet process. Sulfuric acid is produced by absorbing sulfur trioxide in
weak acid or water.

See also Coal; Ethanolamines; Chromatography; and Pollution
(Air).

ABSORPTION SPECTRUM. The spectrum of radiation which has
been filtered through a material medium. When white light traverses a
transparent medium, a certain portion of it is absorbed, the amount
varying, in general, progressively with the frequency, of which the ab-
sorption coefficient is a function. Analysis of the transmitted light may,
however, reveal that certain frequency ranges are absorbed to a degree
out of all proportion to the adjacent regions; that is, with a distinct se-
lectivity. These abnormally absorbed frequencies constitute, collec-
tively, the “absorption spectrum” of the medium, and appear as dark
lines or bands in the otherwise continous spectrum of the transmitted
light. The phenomenon is not confined to the visible range, but may be
found to extend throughout the spectrum from the far infrared to the
extreme ultraviolet and into the x-ray region.

A study of such spectra shows that the lines or bands therein accu-
rately coincide in frequency with certain lines or bands of the emission
spectra of the same substances. This was formerly attributed to reso-
nance of electronic vibrations, but is now more satisfactorily explained
by quantum theory on the assumption that those quanta of the incident
radiation which are absorbed are able to excite atoms or molecules of
the medium to some (but not all) of the energy levels involved in the
production of the complete emission spectrum.

A very familiar example is the spectrum of sunlight, which is crossed
by innumerable dark lines—the Fraunhofer lines—from which so much
has been learned about the constitution of the sun, stars, and other as-
tronomical objects.

A noteworthy characteristic of selective absorption is found in the
existence of certain anomalies in the refractive index in the neighbor-
hood of absorption frequencies; discussed under Dispersion (Radia-
tion). See also Fraunhofer Lines.
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ABSORPTIVITY (Optical). If 4 is the absorbance of a solution b
cm. in thickness and at a concentration ¢, the absorptivity is a = 4/bc.
See also Beer’s Law.

ABUNDANCE RATIO. The proportions of the various isotopes
making up a particular specimen of an element. See Chemical Ele-
ments.



ABYSSAL HILLS. Small hills averaging 100-200 meters (330-660
feet) in height that occupy the ocean floor. These may be nearly isolated
or may occupy virtually the whole floor. See Abyssal Plain.

ABYSSAL PLAIN. An area on the ocean floor having a flat bottom
and a very slight slope of less than 1 part in 1000. It is believed that
these very flat surfaces arise from the continued deposition of mud and
silt from turbidity currents. See Ocean. Seismographic studies support
that these surfaces consist of such deposits. Mid-ocean canyons may be
found on these abyssal plains; these are flat-bottomed depressions in
the plains, varying from one to several kilometers (miles) in width and
varying in depth up to several hundred meters (feet). These, too, are
believed to be the product of certain turbidity currents.

ABYSSAL ROCKS. Proposed by Brogger as a general term for
deep-seated igneous rocks, or those which have crystallized from mag-
mas far below the surface of the earth, very slowly and under great
pressure. Granite is a typical abyssal rock. The term plutonic is synony-
mous.

ABYSSAL ZONE. The region of the ocean beyond the point of pene-
tration of light, including the ocean floor in the deep areas. According
to various investigators who have descended into the ocean depths, no
light penetrates beyond about 1,500 feet (450 meters), and penetration
may be much less if the water is murky with suspended particles. The
water is always extremely cold in the abyssal zone and the pressure is
very great. Still many forms of animal life are to be found at these great
depths, feeding upon the organic matter which drifts down from the
upper waters.

Abyssal animals fall into two groups: scavengers, living on the
shower of organic matter, and predators, which prey upon the scaven-
gers or upon each other. The most abundant deep-sea animals are the
sea cucumbers, snails, crustaceans, tunicates, cephalopods, and fish.
The predaceous fish have large mouths filled with long, sharp teeth,
and stomachs capable of great stretching; they are actually known to
swallow fish larger than themselves. Many of the fish have a lure with
a light on the end which attracts prey. Others have rows of light-produc-
ing organs on the sides of their bodies. Other animals with light-pro-
ducing organs are coelenterates, echinoderms, annelids, crustaceans,
and cephalopods. It is believed that the lights not only help these ani-
mals in finding food, but also in finding each other during the repro-
ductive season. See also Ecology; Ocean.

ACACIA TREES. Of the family Leguminosae (pea family), the ge-
nus Acacia represents a large number of mostly evergreen trees and
shrubs, particularly abundant in Africa and Australia. The trees like
warmth and full sun. The small flowers are aggregated into ball-like or
elongate clusters, which are quite conspicuous. The leaves are rather
diverse in shape; quite commonly they are dissected into compound
pinnate forms; in other instances, especially in the Australian species,
they are reduced even to a point where only the flattened petiole, called
a phyllode, remains. This petiole grows with the edges vertical, which
some observers consider a protective adaptation against too intense
sunlight on the surface. Some species, particularly those growing in
Africa and tropical Asia, yield products of commercial value. Gum ara-
bic is obtained from the Acacia senegal. A brown or black dye called
clutch is obtained from A. catechu. Some acacias are used for timber.
Shittinwood referred to in the scriptures: “And thou shalt make staves
of shittinwood and overlay them with gold,” (Exodus 26:26-37), is con-
sidered by authorities as wood from Acacia seyal (then referred to as
the shittah tree).

Certain tropical American species are of particular interest because
of the curious pairs of thorns, which are united at their base. These
thorns are often hollowed out and used as nests by species of stinging
ants. The leaves of some species, notably Mimosa pudica, are sensitive
to the touch. The mimosa tree or silver wattle, native to Australia, is the
Acacia dealbata. The leaves are fernlike and of a silver-green colora-
tion. They attain a height of about 50 feet (15 meters) within 20 years,
prefer full sun, and can be severely damaged by prolonged frosts. The
tree has been introduced into warm regions of other parts of the world
and has done well. The so-called catclaw acacia (4. greggii) has done
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well in the southwestern United States. One specimen, selected by The
American Forestry Association for its “National Register of Big Trees,”
is located at Red Rock, New Mexico. The circumference at 414 feet (1.4
meters) above the base is 6 feet, 5 inches (1.8 meters, 13 centimeters);
the height is 49 feet (15 meters); and the spread is 46 feet (14 meters).

The koa acacia (4. koa var. hawaiiensis) is found in Hawaii. A speci-
men is also listed in the American Forestry Association registry and is
located in the District of Kau. The circumference at 414 feet (1.4 me-
ters) above the base is 37 feet, 4 inches (11.4 meters); the height is 140
feet (42.7 meters); and the spread is 148 feet (45.1 meters).

A. baileyana, also a native of Australia, is known as the Cootamundra
wattle or Bailey’s mimosa. It attains a height of 20 feet (6 meters) or
more, has long, narrow, waxy evergreen leaves of a silver-green color.
The contour of the tree is often weeping.

The Robinia pseudoacacia, also referred to as black locust, common
acacia, or false acacia, is found in the eastern United States. The tree is
highly tolerant of dryness and industrial environments. This tree may
attain a height of from 60 to 80 feet (18 to 24 meters), with a trunk
diameter up to 4 feet (1.2 meters). It is a highly favored tree for gardens,
often described as graceful and decorative.

Under normal environmental conditions, kudus (antelope family)
that range freely in certain parts of South Africa (Transvaal) consume
the leaves of acacia trees as a regular part of their diet. The leaves con-
tain tannin, an astringent, at all times, but when the trees are under
unusual stress, as may be caused by drought or overeating by herbi-
vores, the tannin content of the leaves increases markedly. Even though
this results in a very unpleasant taste, the kudus continue to eat the
leaves to satiate their appetites during very dry seasons. Excessive con-
sumption of the leaves causes inactivation of liver enzymes of the kudu,
resulting in death. Researchers from the University of Pretoria and bi-
ologists from Dartmouth College have expanded on this situation, sug-
gesting that other trees, such as sugar maple plants, also produce
greater amounts of tannin and other defensive compounds when the
leaves are damaged, as by herbivores. Another finding is that affected
trees also emit ethylene gas, which can signal trees as far distant as 150
feet (50 meters) to activate the chemical defense process. Laboratory
tests indicate that, when these plants are exposed to ethylene, tannin
levels are increased in about 30 minutes. Researchers suggest that this
may constitute a “natural population regulatory mechanism.” Some
ranchers who wish to maintain the kudu population now put out alfalfa
during extremely dry periods. See also Alleopathic Substance.

Additional Reading

Staff: “The 1992 National Register of Big Trees,” Amer. Forests, 14 (January—
February 1992).

Yam, P.: “Acacia Trees kill antelope in the Transvaal,” Sci. Amer., 28 (December
1990).

ACANTHOCEPHALA (Thorny-Headed Worms). Worms, slender
and hollow (pseudocoelom) with recurved hooks on invaginate probos-
cis, no digestive tracts, and adults parasitic in intestine of vertebrates,
with larva in intermediate arthropod host. They are usually regarded as
a class of roundworm (Nematoda), but ranking as a separate phylum is
now favored.

ACANTHUS. Genus of the family Acanthaceae (acanthus family).
This is a relatively small genus of Mediterranean plants grown mainly
for ornamental purposes. The flowers are white or various shades of
red. The term ancanthus also is used in architecture with reference to
an ornamental design patterned after the leaves of the acanthus.

ACARICIDE. A substance, natural or synthetic, used to destroy or
control infestations of the animals making up Arachnida, Acarina,
mainly mites and ticks, some forms of which are very injurious to both
plants and livestock, including poultry. There are numerous substances
that are effective both as acaricides and insecticides; others of a more
narrow spectrum are strictly acaricides. See also Insecticide; and In-
secticide and Pesticide Technology.

ACARINA. The order of Arachnida which includes the mites and
ticks.
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ACCELERATED FLIGHT (Airplane). When the velocity of an air-
plane along its flight path contains elements of acceleration, the struc-
ture receives increments of inertial or dynamic loading that may prove
to be far more severe upon the structure than the loading imposed by
the static weight of the airplane and its contents. Consequently, accel-
erated flight has been the subject of extensive analytical and experimen-
tal investigation. Acceleration of rectilinear velocity below the speed of
sound, as by increasing the thrust of the power plant in straight level
flight, is of small import, since radial accelerations resulting from cur-
vilinear flight at constant speed are so large as to be the critical influ-
ence. Cases of curved flight paths capable of accelerations of several g
(acceleration due to gravity) are quick pull-ups (or “zooms”) from
high-speed rectilinear flight, spins, steeply banked turns, and loops.
The magnitude of the effect of accelerated flight is well illustrated by
considering the centrifugal force on an airplane following a curved
flight path in the vertical plane. With a constant tangential speed as low
as 120 mph (193 kph), the airplane experiences a radial acceleration of
4 g (4 times the acceleration of gravity) even though the radius of cur-
vature be about 240 feet (73 meters).

An acceleration also is caused when the airplane encounters a gust.
See also Gust Front.

ACCELERATION. The rate of change of the velocity with respect
to the time is called acceleration. It is expressed mathematically by
dv/dt, the vector derivative of the velocity, v with respect to the time, .
If the motion is in a straight line whose position is clearly understood,
it is convenient to treat the velocity v and the acceleration dv/dt as sca-
lars with appropriate algebraic signs; otherwise they must be treated by
vector methods.

Acceleration may be rectilinear or curvilinear, depending upon
whether the path of motion is a straight line or a curved line. A body
which moves along a curved path has acceleration components at every
point. One component is in the direction of the tangent to the curve and
is equal to the rate of change of the speed at the point. For uniform
circular motion this component is zero. The second component is nor-
mal to the tangent and is equal to the square of the tangential speed
divided by the radius of curvature at the point. This normal component,
which is directed toward the center of curvature, also equals the square
of the angular velocity multiplied by the radius of curvature. The accel-
eration due to gravity is equal to an increase in the velocity of about
32.2 feet (981.5 centimeters)/second/second at the earth’s surface and
is of prime importance since it is the ratio of the weight to the mass of
a body. For examples of acceleration in both curved and linear motion,
see Kinematics. See also Angular Velocity and Angular Acceleration.

ACCELERATION (Due to Gravity). The universal character of the
gravitational force for point masses or spherical bodies can be ex-
pressed by the equation:

_ GMM, (0

where R
The constant G is independent of all properties of the particular bodies

F

M, M, = masses of two bodies
R = distance between two bodies
G = aconstant= 6.670 X 107® dyne cm? gm
involved.

The weight of a body of mass M on the earth is the force with which
it is attracted to the center of the earth. On the surface of the earth, the
weight is given by:

W= Mg, (2)
where the acceleration due to gravity is obtained from Equation (1):
GM,;
e
= 980.665 cm/(second)®
= 32.174 feet/(second)® (9.8 1 meters/(second)?) 3)

g=

Variation of the acceleration due to gravity at sea level for different
latitudes on earth is given in the accompanying table.

VARIATION OF ACCELERATION DUE TO GRAVITY ON
EARTH WITH LATITUDE (At Sea Level)

g
Latitude centimeters/(second)? feet/( s%c:ond)2

0° 977.989 32.0862
10° 978.147 32.0916
20° 978.600 32.1062
30° 979.295 32.1290
40° 980.147 32.1570
50° 981.053 32,1867
60° 981.905 32.2147
70° 982.600 32.2375
80° 983.053 32,2523
90° 983.210 32,2575

Gravitational force at the surface of the sun, moon, and planets is given
in specific entries on these solar system bodies. See also Gravitation.

ACCELERATOR (Particle). See Particles (Subatomic).
ACCELEROMETER. Acceleration is not measured directly, but is
computed by measuring the force exerted by restraints that are placed
on a mass to hold its position fixed in an accelerating body. The rela-
tionship between restraint and acceleration is defined by Newton’s sec-
ond law: F = ma (force equals mass times acceleration). The device
used to accomplish the foregoing requirement is known as an acceler-
ometer. The accelerometer is the most common type of vibration sen-
sor. See also Vibration. The necessary attributes of an accelerometer
include small size, light weight, and rugged construction. Both self-
generating accelerometers and those requiring electrical excitation are
available. The most common is the self-generating piezoelectric device.
Typical performance characteristics for accelerometers are given in the
accompanying table.

Vibration sensing is required over a wide range of amplitudes and
frequencies. For example, vibration from rotating machinery occurs
from about 1 Hz to over 20,000 Hz, with the principal interest being
from 10 to 2000 Hz. A smooth running motor may vibrate at .01g (1g
= 386 in./sec?; 980 cm/sec?), but a high-speed gearbox can easily vi-
brate at more than 100g at a frequency of over 10,000 Hz. Ideally, a
vibration sensor attaches to a body in motion and provides an output
signal proportional to the vibrational input from that body. See Fig. 1.
Sometimes it is not practical to attach a sensor directly to the moving
body. In those cases, the measurement is made by attaching the sensor
to another body and making a measurement relative to the motion of
that body. In any case, measurement performance must not be degraded
because of the location of the sensor.
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Fig. 1. Mechanical schematic of inertial sensor.



Piezoelectric Accelerometers. These devices utilize a mass in di-
rect contact with a piezoelectric component, or crystal. When a varying
motion is applied to the accelerometer, the crystal experiences a vary-
ing force excitation (F = ma) causing a proportional electrical charge
q to be developed across it:

q = d,F = dyma

where d,, is the material’s piezoelectric strain constant.

As the equation shows, the electrical output from the piezoelectric
material is dependent on its properties. Two commonly used materials
are lead zirconate titanate ceramic (PZT) and quartz. As self-generat-
ing materials, they both produce a large electrical charge for their size,
although the piezoelectric strain constant of PZT is about 150 times
that of quartz. As a result, accelerometers using PZT are more sensi-
tive or are much smaller. The mechanical spring constants for the pie-
zoelectric components are high and the inertial masses attached to
them are small. Therefore, these accelerometers are useful to ex-
tremely high frequencies. Damping is rarely added to these devices.
Fig. 2 shows a typical frequency response for such a device. Piezo-
electric accelerometers have comparatively low mechanical imped-
ance. Therefore, their effect on the motion of most structures is small.
They are also rugged and have stable outputs with time and environ-
ment.
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Fig. 2. Frequency response from typical piezoelectric accelerometer.

Two principal design configurations are used for piezoelectric accel-
erometers. One stresses the piezoelectric material in compression while
the other stresses it in shear. Simple diagrams of these are illustrated
by Fig. 3. When the accelerometer is accelerated upward, the mass is
moved downward toward the bottom of the accelerometer. Conversely,
downward acceleration moves the mass element upward. With vibration
motion, the resultant dynamic stress deforms the piezoelectric element.
For the compression accelerometer, vibration varies the stress in the
crystal which is held in compression by the pre-load element. For the
shear accelerometer vibration simply deforms the crystal in shear. The
mechanical construction for actual designs can be more complex, but
the model is the same.

Piezoresistive Accelerometers and Strain-Gage Sensors. Piezore-
sistive accelerometers are strain gage sensors which use semiconductor
strain gages in order to provide much greater gage factors than possible
with metallic gages. Higher gage factors are achieved because the ma-
terial resistivity changes with stress, not just its dimensions. The in-
creased sensitivity is critical to vibration measurement in that it permits
miniaturization of the accelerometer.
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(a) (b)

Fig. 3. Conceptual diagram for piezoelectric accelerometers: (a) compression,
and (b) shear.

The typical piezoresistive accelerometer uses either two or four ac-
tive gages in a Wheatstone bridge. It is more important to use multiple
gages than when using metallic gages because the temperature coeffi-
cients of the semiconductor elements are greater than metallic gages.
To control the electrical bridge balance and sensitivity variations with
temperature, other resistors are used within the bridge and in series with
the input.

The mechanical construction of an inertial system using piezoresis-
tive elements is illustrated by Fig. 4. The construction of a complete
accelerometer is shown by Fig. 5. This design includes overload stops
to protect the gages from high amplitude inputs and includes oil to im-
prove damping. Such an instrument is useful for acquiring vibration
information at low frequencies (for example, below | Hz) and the de-
vice can be used to sense static acceleration.

Servo Accelerometers. The construction and operating principle of
a servo accelerometer are illustrated by Fig. 6. When subjected to ac-
celeration, the proof mass deflects relative to the base of the acceler-
ometer, and the pickoff changes its capacitance as a result of changes
in the damping gap. As this occurs, the servo supplies current to the coil
which is located in the gaps of the permanent magnets. The resulting
force restores the coil to its equilibrium position. The output signal is a
measure of the coil current and is proportional to the applied accelera-
tion.

Signal Conditioning for Accelerometers. Signal conditioners in-
terface accelerometers to readout and processing instruments by (1)
providing power to the accelerometer, if it is not self-generating, (2)
providing proper electrical load to the accelerometer, (3) amplifying the
signal, and (4) providing appropriate filtering and drive signal. Piezo-
electric and piezoresistive transducers both require conditioners with
certain characteristics as is now discussed.

Tension
gages (2)

Seismic Compression
mass gages (2)

Fig. 4. Inertial system using piezoresistive elements.
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Fig. 5. Construction of typical piezoresistive elements.

Conditioning Piezoelectric Accelerometers. The piezoelectric ac-
celerometer is self-generating and supplies a very small amount of en-
ergy to the signal conditioner. It presents a very high source impedance,
mainly capacitive, to the conditioner. Two forms of schematic repre-
sentation of a piezoelectric accelerometer are shown in Fig. 7. It may
be regarded as a voltage source in series with a capacitance, or as a
charge source in parallel with a capacitance. The signal conditioner de-
termines how the transducer is treated in a given system. Both voltage
and charge sensing are used. The charge amplifier is by far the most
common approach. The charge amplifier is advantageous because the
system gain and low frequency response are well defined and are inde-
pendent of the cable length and accelerometer capacitance.

The charge amplifier consists of a charge converter and a voltage
amplifier as shown in Fig. 8. The system does not amplify charge per
se. It converts input charge to a voltage and then amplifies the voltage.

Upper magnet structure

Pickoff and damping gaps

Invar spacer ring —

Proof mass sub-assembly

Lower magnet structure

Torquer

Pickoff
(b)

Fig. 6. Construction of serve accelerometer.
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Fig. 7. Electrical schematic representation of piezoelectric accelerometers.
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Fig. 8. Block diagram of charge amplifier.

A charge converter is essentially an operational amplifier with inte-
grating feedback. The equivalent circuit is shown in Fig. 9. With basic
operational type feedback, amplifier input is maintained at essentially
zero volts and therefore looks like a short circuit to the input. Amplifier
output is a function of input current. Having integrating operational
feedback, output is the integral of input current. Hence the name
“charge amplifier,” since

q= f idt.

In operation, the charge converter output voltage which occurs as a
result of a charge input signal, is returned through the feedback capaci-
tor to maintain the voltage at the input at, or close to, zero. Thus, the
charge input is stored in the feedback capacitor, producing a voltage
across it which is equal to the value of the charge input divided by the
capacitance of the feedback capacitor. The transfer characteristic
(charge gain) of this amplifier is therefore solely dependent upon the
value of the feedback capacitor (or network if a more complicated feed-
back is used) provided that the amplifier’s open loop gain and input
impedance are sufficiently high. The midband charge gain (mV/pC) of
this circuit is

E, 1
gi  C,
The complete circuit transfer function is given by:
E, -4 SR
O 1+4 sk [C +C
s e +
rva Ot

Charge amplifier
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| T |
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: li I'Ct:l l
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Fig. 9 Equivalent circuit of charge converter.



where: E, = charge converter output
Q, = accelerometer signal (charge)
s = accelerometer sensitivity (charge)
C, = accelerometer capacitance
C, = cable capacitance
C, = feedback capacitance
R,= feedback resistance

A = amplifier open looop gain

Il

To simplify, we can assume:

1+4
since amplifier open loop gain 4 is very highand 4 = 1 + A4.
Because C; is very large compared to (C; + C,)/(1 + 4) in most
applications, system gain is independent of cable length. Only an un-
likely combination of extremely large source or cable capacitance and
very small feedback capacitance would influence system gain, and then
only to a minor degree. Therefore, charge measuring systems are sel-
dom calibrated end-to-end.
With the above simplifications, the denominator of the expression
becomes sR,C, + 1. This is the characteristic form of a simple first
order rolloff at

1
S =
B 2R_/Cf

with a terminal slope approaching 6 dB per octave. For all practical
purposes, low frequency response of a charge measuring system is a
function of well defined electronic components and does not vary with
cable length. This is a very important feature when measuring low fre-
quency vibrations.

Conditioning for Low Impedance Piezoelectric Accelerometers.
Piezoelectric accelerometers are available with simple electronic cir-
cuits internal to their cases to provide signal amplification and low im-
pedance output. Some designs operate from low-current dc voltage sup-
plies and are designed to be intrinsically safe when coupled by
appropriate barrier circuits. Other designs have common power and sig-
nal lines and use coaxial cables.

The principal advantages of piezoelectric accelerometers with inte-
gral electronics are their relative immunity to cable-induced noise and
spurious response, the ability to use lower cost cable, and lower signal
conditioning cost. In the simplest case, the power supply might consist
of a battery, a resistor, and a capacitor.

These advantages do not come without compromise. Because the im-
pedance matching circuitry is built into the transducer, gain cannot be
adjusted to utilize the wide dynamic range of the basic transducer. Am-
bient temperature is limited to that which the circuit will withstand, and
this is considerably lower than that of the piezoelectric sensor itself. In
order to retain the advantages of small size, the integral electronics
must be kept relatively simple. This precludes the use of multiple filter-
ing and dynamic overload protection and thus limits their application.
But when conditions are relatively benign, these accelerometers can
economically provide excellent noise immunity and signal fidelity.

Conditioning Piezoresistive Transducers. Piezoresistive trans-
ducers are relatively easy to condition. They generally have high level
output, low output impedance, and very low intrinsic noise. These
transducers require an external power supply. This supply is usually dc,
but it may be ac providing the carrier frequency is at least five to ten
times the maximum frequency of interest.

Most transducers are designed for constant-voltage excitation and
are used with relatively short cables. With long cables, wire resistance
is not negligible. Moreover, resistance will change with temperature,
and the voltage drop along the line will vary as transducer resistance or
load changes. For these applications, transducers should be calibrated
for constant-current excitation so their output will be less dependent
upon external effects.

Many piezoresistive transducers are full-bridge devices. Some have
four active arms to maximize sensitivity. See Fig. 10. Others have two
active arms and two fixed precision resistor arms to permit shunt cali-
bration by precision calibration resistors in the signal conditioner.
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Fig. 10. Typical system and bridge circuit for piezoresistive accelerometer.

Miniature transducers are usually half-bridge devices, with bridge com-
pletion accomplished in the signal conditioner.

Adjustment of the unbalanced output of an accelerometer can easily
be performed in the signal conditioner. For full-bridge transducers, the
balancing potentiometer R, is connected across the excitation terminals
and a current-limiting resistor is connected between the wiper arm of
the potentiometer and the bridge. This is shown in Fig. 11(a). For half-
bridge transducers, a small balance potentiometer (typically 100 ohms)
is connected between the bridge-completion arms as shown in Fig.
11(b).

Environmental Effects. Temperatures. Accelerometers can be
used over wide temperature ranges. Piezoelectric devices are available
for use from cryogenic temperatures (—270°C) to over 650°C. Sensitiv-
ity changes with ambient temperature, but the changes are systematic
and can be calibrated. If the ambient temperature changes suddenly so
that strains develop within the accelerometer and within the time re-
sponse of the measurement system, further errors can occur. These are
evaluated by testing the response of accelerometers to step function
changes of temperature per industry standard test procedures. Errors
usually appear as a wandering signal, or a low frequency oscillation.

Cable Movement. Cabling from the accelerometer to the signal con-
ditioner can generate spurious signals when it is subjected to movement
or dynamic forces. This is usually only significant for systems using
high impedance piezoelectric accelerometers. The major noise generat-
ing mechanism is triboelectric noise. This is caused by charge trapping
due to relative motion, or localized separation between the cable dielec-
tric and the outer shield around the dielectric. To reduce this effect,
cabling is available which is “noise treated.” These cables have a con-
ductive coating applied to the surface of the dielectric which prevents
charge trapping. Another method used to eliminate this effect is to use
a sensor which includes an electronic circuit to reduce the impedance
to about 100 ohms.

Dynamic Strain Inputs. In vibration environments, some structures
may dynamically flex, stretch, or bend at the mounting location of the
accelerometer. The base of the accelerometer being in intimate contact
with this strained area, can also be strained. A portion of this base strain
is transmitted directly to the crystal sensing element, and will generate
error signals. In addition to strains in the structure, it is also possible to
induce errors from forces or pressures onto the case of the accelerome-
ter. Outputs from these vary greatly, depending upon the internal design

o =
Rg
‘: balance
E, : pot
(a) Zero measurand output 50.900 Q :: ZU,QOG Q
network for a full-bridge typical typical
transducer o
(= .
100 22
Ex & typical

(b} Zero measurand output
network for a half-bridge
transducer

o

Fig. 11. Bridge balancing for piezoresistive accelerometer.
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TYPICAL ACCELEROMETER PERFORMANCE CHARACTERISTICS

Characteristics

Piezoelectric Accelerometers

Servo
Accelerometer

Piezoresistive
Accelerometer

Sensitivity, pC/g, mV/g 10
Frequency range, Hz 4-15,000
Resonance frequency, Hz 80,000
Amplitude range, g 500
Shock rating, g 2,000
Temperature range, °C —50to +125
Total mass, g 1

100 20 250

1-5,000 0-750 0-500
20,000 2,500 1,000

1,000 25 15

10,000 2,000 250

—50 to +260 0to +95 —40to +85
29 28 80

of the accelerometer. The errors from these are usually checked to in-
dustry standard test procedures and the results are included in specifi-
cations.

Electrostatic and Electromagnetic Fields. Electrostatic noise can be
generated by stray capacitance coupling into the measurement system.
It is important that the cabling between a high impedance piezoelectric
sensor and the signal conditioner be fully shielded. Ground loops can
be avoided by grounding the system at a single point, usually at the
output of the signal conditioner. Magnetically coupled noise can best
be avoided by not placing signal cables in close proximity to power or
high current conductors, and by avoiding electromagnetic sources when
possible. Accelerometers should also be checked for their sensitivity to
electromagnetic fields.

Velocity Transducers. Electrodynamic velocity pickups have the ca-
pability of being used directly into readout instruments. The self-gen-
erating voltage in the transducer is proportional to the velocity of the
motion being measured and is usually of sufficient amplitude so that no
voltage amplification is required. The disadvantages of velocity pick-
ups are their large size and mass and their inability to be used for meas-
urements at frequencies below about 10 Hz. Also, the output at high
frequencies, above about 1000 Hz, is quite small in most applications.
Care must be taken in using these devices in strong magnetic field en-
vironments.

A typical velocity sensor consists of a seismically mounted, and usu-
ally critically damped, magnetic core suspended in a housing which is
rigidly attached to the vibrating surface. A coil of wire attached to the
housing surrounds the core. Relative motion between the magnetic core
and the housing causes magnetic lines of flux to cut the coil, inducing
a voltage proportional to velocity. These sensors operate above their
first natural frequency.

Relative Motion Sensing—Eddy Current Probe. In some cases, it
is not practical to place a sensor in contact with the moving part. Rela-
tive motion measurement approaches are then used. The most com-
monly used device is the eddy current probe. Non-contact eddy current
displacement measuring systems have achieved general acceptance for
industrial machinery protection and condition monitoring. An eddy cur-
rent displacement probe, generally about 0.300 in. (7.5 mm) in diameter,
contains a small coil of fine wire at its tip which is excited by a remote
radio frequency oscillator to generate a magnetic field. As the tip of the
probe is brought close to a conductive surface, such as a rotating shaft,
eddy currents induced in the conductor by the probe’s magnetic field
oppose the field and reduce the amplitude of the carrier by an amount
proportional to the change in proximity. A demodulator, usually encap-
sulated in the same enclosure as the oscillator, converts the change in
carrier amplitude to a low impedance, calibrated voltage output.

An eddy current displacement sensor and its companion oscillator-
demodulator is therefore a gap-to-voltage measuring system. The aver-
age gap, or the distance between the probe tip and the conductive sur-
face, is represented by a dc bias or offset on which is superimposed an
ac analog of the surface’s dynamic motion. Typical linear amplitude
range is 1 to 2 mm with a frequency response capability of dc to more
than 2000 Hz. Sensitivity changes for different target materials and
with changes in cable length.

Additional Reading

Anon.: “ISA Recommended Practice for Specifications and Tests for Piezoelec-
tric Acceleration Transducers (ISA 37.2),” Instrument Society of America, Re-
search Triangle Park, North Carolina (updated periodically).

Anon.: “ANSI Standard for the Selection of Calibration and Tests for Electrical
Transducers Used for Measuring Shock and Vibration (ANSI Rep. S2.11),”
American National Standards Institute, New York (updated periodically).

Link, B., Suminto, J., and M. Young: “A Rugged, High-Performance Piezoresis-
tive Accelerometer,” Sensors, 43 (October 1991).

Meirovitch, L.: “Elements of Vibration Analysis,” 2nd Edition, McGraw-Hill,
New York, 1985.

Robert M. Whittier, Endevco Corp.,
San Juan Capistrano, California.

ACCOMMODATION COEFFICIENT. A quantity defined by the
equation

where T is the temperature of gas molecules striking a surface which
is at temperature 7,, and Tj is the temperature of the gas molecules as

- they leave the surface, a is the accommodation coefficient. It is, there-

fore, a measure of the extent to which the gas molecules leaving the
surface are in thermal equilibrium with it.

ACCOMMODATION (Ocular). The mechanism whereby the equa-
torial diameter of the lens of the eye may be decreased and its thickness
increased to focus clearly on the retina the image of a near object.

ACCRETION (Geology). The process by which crystals and other
solid bodies grow by the addition of material onto their surfaces. A
concretion is a body that grows from the center outward in a regular
manner by successive additions of material.

ACCUMULATOR (Hydraulic). The hydraulic accumulator is a hy-
draulic device consisting of a cylinder and piston which is actuated by
weight, springs, or compressed fluid. On the opposite side of the piston
a fluid such as water, oil, air, etc., is stored and, consequently, is avail-
able to do work when the pressure on it is reduced. This work is ob-
tained by virtue of the fact that while the fluid is discharged rapidly,
giving large hydraulic power for short periods of time, it may be refilled
by a comparatively small and low-powered pump working a much
longer period of time.

One successful type of accumulator consists of a closed cylinder con-
taining a rubber bag filled with air or gas. Fluid is pumped into the
cylinder under pressure, compressing the air or gas in the bag. When
the release valve is opened the air or gas in the bag expands to eject the
fluid from the cylinder.

Another type of hydraulic accumulator is the pumped storage plant,
used in electric power systems for the economic carrying of variable
loads. As employed in conjunction with steam generating stations,
steam turbine-driven centrifugal pumps raise water from a lower to an
upper pool with off-peak power. During the peak-load periods this
water is released to the lower pool through a hydraulic turbo-generator
as rapidly as is needed to give the required power. In favorable locations
the overall efficiency of conversion and storage need not to be greater
than 50% in order to justify the project.



ACCURACY. In terms of instruments and scientific measuring sys-
tems, accuracy may be defined as the conformity of an indicated value
to an accepted standard value, or true value. Accuracy is usually meas-
ured in terms of inaccuracy and expressed as accuracy. As a perform-
ance specification, accuracy should be assumed to mean reference ac-
curacy unless otherwise stated.

Reference accuracy may be defined as a number or quantity which
defines the limit that errors will not exceed when the device is used
under reference operating conditions. See accompanying diagram. Ref-
erence accuracy includes the combined conformity, hysteresis, and re-
peatability errors. The units being used must be stated explicitly. It is
preferred that a + and — sign precede the number or quantity. The
absence of a sign infers both a plus and a minus sign. Reference accu-
racy can be expressed in a number of forms, of which the five following
examples are typical:

(1) Reference accuracy expressed in terms of the measured variable.
Typical expression: The reference accuracy is * 1°F (* 0.6°C).

(2) Reference accuracy expressed in percent of span. Typical expres-
sion: The reference accuracy is = 1/2% of span. This percentage is
calculated using units, such as deg. F or C, psi, and so on.

(3) Reference accuracy expressed in percent of the upper range-
value. Typical expression: The reference accuracy is = 1/2% of upper
range-value. This percentage is also calculated, using units as pre-
viously given.

(4) Reference accuracy expressed in percent of scale length. Typical
expression: The reference accuracy is = 1/2% of scale length.

(5) Reference accuracy expressed in percent of actual output read-
ing. Typical expression: The reference accuracy is = 1% of actual out-
put reading. Again, this percentage is calculated, using scale units such
as previously given.
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Fundamental relationships pertaining to reference accuracy.

ACETALDEHYDE. CH;CHO, formula weight 44.05, colorless,
odorous liquid, mp —123.5°C, bp 20.2°C, sp gr 0.783. Also known as
ethanal, acetaldehyde is miscible with H,O, alcohol, or ether in all pro-
portions. Because of its versatile chemical reactivity, acetaldehyde is
widely used as a commencing material in organic syntheses, including
the production of resins, dyestuffs, and explosives. The compound also
is used as a reducing agent, preservative, and as a medium for silvering
mirrors. In resin manufacture, paraldehyde (CH;CHO); sometimes is
preferred because of its higher boiling and flash points.
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In tonnage production, acetaldehyde may be manufactured by (1) the
direct oxidation of ethylene, requiring a catalytic solution of copper
chloride plus small quantities of palladium chloride, (2) the oxidation
of ethyl alcohol with sodium dichromate, and (3) the dry distillation of
calcium acetate with calcium formate.

Acetaldehyde reacts with many chemicals in a marked manner, (1)
with ammonio-silver nitrate (“Tollen’s solution”), to form metallic sil-
ver, either as a black precipitate or as an adherent mirror film on glass,
(2) with alkaline cupric solution (“Fehling’s solution™) to form cuprous
oxide, red to yellow precipitate, (3) with rosaniline (fuchsine, ma-
genta), which has been decolorized by sulfurous acid (“Schiff’s solu-
tion”), the pink color of rosaniline is restored, (4) with NaOH, upon
warming, a yellow to brown resin of unpleasant odor separates (this
reaction is given by aldehydes immediately following acetaldehyde in
the series, but not by formaldehyde, furfuraldehyde or benzaldehyde),
(5) with anhydrous ammonia, to form aldehyde-ammonia
CH;-CHOH-NH,, white solid, mp 97°C, bp 111°C, with decomposi-
tion, (6) with concentrated H,SOy, heat is evolved, and with rise of tem-
perature, paraidehyde (C,H,0); or

CH,-CH ‘8SE(CH3)

(CH,)
colorless liquid bp 124°C, slightly soluble in H,O0, is formed, (7) with
acids, below 0°C, forms metaldehyde (C,H,0),, white solid, sublimes
at about 115°C without melting but with partial conversion to acet-
aldehyde, (8) with dilute HCl or dilute NaOH, aldol,
CH;-CHOH-CH,- CHO slowly forms, (9) with phosphorus pentachlo-
ride, forms ethylidene chloride, CH;-CHCI,, colorless liquid, bp
58°C, (10) with ethyl alcohol and dry hydrogen chloride, forms
acetal, 1,1-diethyoxyethane CH,;-CH(OC,Hs),, colorless liquid, bp
104°C, (11) with hydrocyanic acid, forms acetaldehyde cyanhydrin,
CH;-CHOH-CN, readily converted into alphahydroxypropionic acid,
CH,;-CHOH-COOH, (12) with sodium hydrogen sulfite, forms acet-
aldehyde sodium bisulfite, CH;-CHOH-SO;Na, white solid, from
which acetaldehyde is readily recoverable by treatment with sodium
carbonate solution, (13) with hydroxylamine hydrochloride forms
acetaldoxime, CH;-CH:NOH, white solid, mp 47°C, (14) with phenyl-
hydrazine, forms acetaldehyde phenylhydrazone, CH;-CH:
N-NH-C¢H;, white solid, mp 98°C, (15) with magnesium methyl io-
dide in anhydrous ether (“Grignard’s solution”), yields, after reaction
with water, isopropyl alcohol, (CH;),CHOH, a secondary alcohol,
(16) with semicarbazide, forms acetaldehyde semicarbazone,
CH;-CH:N-NH-CO-NH,, white solid, mp 162°C, (17) with chlorine,
forms trichloroacetaldehyde (“chloral”), CCl;-CHO, (18) with H,S,
forms thioacetaldehyde, CH;-CHS or (CH;-CHS);. Acetaldehyde
stands chemically between ethyl alcohol on one hand—to which it can
be reduced—and acetic acid on the other hand—to which it can be
oxidized. These reactions of acetaldehyde, coupled with its ready for-
mation from acetylene by mercuric sulfate solution as a catalyzer,
open up a vast field of organic chemistry with acetaldehyde as raw
material: acetaldehyde hydrogenated to ethyl alcohol; oxygenated to
acetic acid, thence to acetone, acetic anhydride, vinyl acetate, vinyl
alcohol. Acetaldehyde is also formed by the regulated oxidation of
ethyl alcohol by such a reagent as sodium dichromate in H,SO, (chro-
mic sulfate also produced). Reactions (1), (3), (14), and (16) above
are most commonly used in the detection of acetaldehyde. See also
Aldehydes.

ACETAL GROUP. An organic compound of the general formula
RCH(OR')(OR") is termed an acetal and is formed by the reaction of
an aldehyde with an alcohol, usually in the presence of small amounts
of acids or appropriate inorganic salts. Acetals are stable toward alkali,
are volatile, insoluble in H,O, and generally are similar structurally to
ethers. Unlike ethers, acetals are hydrolyzed by acids into their respec-
tive aldehydes. H(R)CO + (HO-C,H;), = H(R)C(OC,Hy), + H,O.
Representative acetals include: CH,(OCHj;),, methylene dimethyl
ether, bp 42°C; CH;CH(OCH,;),, ethylidene dimethyl ether, bp 64°C;
and CH,;CH(OC,H3),, ethylidene diethyl ether, bp 104°C.

ACETAL RESINS. A very useful family of thermoplastic resins,
obtainable both as homopolymers and copolymers, produced mainly
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from formaldehyde or a formaldehyde derivative. Acetals have the
highest fatigue endurance of commercial thermoplastics. In their
manufacture, a variety of ionic initiators, such as tertiary amines and
quaternary ammonium salts, are used to effect polymerization of for-
maldehyde. Chain transfer controls the molecular weight of the result-
ing resins.

Starting ingredients may be formaldehyde or the cyclic trimer triox-
ane. Both form polymers of similar properties. Boron trifluoride or
other Lewis acids are used to promote polymerization where trioxane is
the raw material.

Acetals provide excellent resistance to most organic compounds ex-
cept when exposed for long periods at elevated temperatures. The resins
have limited resistance to strong acids and oxidizing agents. The co-
polymers and some of the homopolymers are resistant to the action of
weak bases. Normally, where resistance to burning, weathering, and
radiation are required, acetals are not specified. The resins are used for
cams, gears, bearings, springs, sprockets, and other mechanical parts,
as well as for electrical parts, housings, and hardware.

ACETIC ACID. CH;COOH, formula weight 60.05, colorless, acrid
liquid, mp 16.7°C, bp 118.1°C, sp gr 1.049. Also known as ethanoic
acid or vinegar acid, this compound is miscible with H,O, alcohol, and
ether in all proportions. Acetic acid is available commercially in several
concentrations. The CH;COOH content of glacial acetic is approxi-
mately 99.7% with H,O the principal impurity. Reagent acetic acid gen-
erally contains 36% CH;COOH by weight. Standard commercial aque-
ous solutions are 28, 56, 70, 80, 85, and 90% CH;COOH. Acetic acid
is the active ingredient in vinegar in which the content ranges from 4 to
5% CH;COOH. Acetic acid is classified as a weak, monobasic acid.
The three hydrogen atoms linked to one of the two carbon atoms are not
replaceable by metals.

In addition to the large quantities of vinegar produced, acetic acid in
its more concentrated forms is an important high-tonnage industrial
chemical, both as a reactive raw and intermediate material for various
organic syntheses and as an excellent solvent. Acetic acid is required in
the production of several synthetic resins and fibers, pharmaceuticals,
photographic chemicals, flavorants, and bleaching and etching com-
pounds.

Early commercial sources of acetic acid included (1) the combined
action of Bacterium aceti and air on ethyl alcohol in an oxidation-fer-
mentation process: C,H;OH + O, = CH;COOH + H,O0, the same re-
action which occurs when weakly alcoholic beverages, such as beer or
wine, are exposed to air for a prolonged period and which turn sour
because of the formation of acetic acid; and (2) the destructive distilla-
tion of wood. A number of natural vinegars still are made by fermenta-
tion and marketed as the natural product, but diluted commercially and
synthetically produced acetic acid is a much more economic route to
follow. The wood distillation route was phased out because of shortages
of raw materials and the much more attractive economy of synthetic
processes.

The most important synthetic processes are (1) the oxidation of ac-
etaldehyde, and (2) the direct synthesis from methyl alcohol and carb-
on monoxide. The latter reaction must proceed under very high pres-
sure (approximately 650 atmospheres) and at about 250°C. The
reaction takes place in the liquid phase and dissolved cobaltous iodide
is the catalyst. CH;OH + CO — CH;COOH and CH,;O0CH; + H,O
+ 2CO — 2CH;COOH. The crude acid produced first is separated
from the catalyst and then dehydrated and purified in an azeotropic
distillation column. The final product is approximately 99.8% pure
CH,;COOH.

Acetic acid solution reacts with alkalis to form acetates, e.g., sodium
acetate, calcium acetate; similarly, with some oxides, e.g., lead acetate;
with carbonates, e.g., sodium acetate, calcium acetate, magnesium ace-
tate; with some sulfides, e.g., zinc acetate, manganese acetate. Ferric
acetate solution, upon boiling, yields a red precipitate of basic ferric
acetate. Acetic acid solution attacks many metals, liberating hydrogen
and forming acetate, e.g., magnesium, zinc, iron. Acetic acid is an im-
portant organic substance, with alcohols forming esters (acetates); with
phosphorus trichloride forming acetyl chloride CH;-CO-Cl, which is
an important reagent for transfer of the acetyl (CH;CO—) group; form-
ing acetic anhydride, also an acetyl reagent; forming acetone and cal-

cium carbonate when passed over lime and a catalyzer (barium carbon-
ate) or when calcium acetate is heated; forming methane (and sodium
carbonate) when sodium acetate is heated with NaOH; forming mono-,
di-, tri-chloroacetic (or bromoacetic) acids by reaction with chlorine (or
bromine) from which hydroxy- and amino-, aldehydic-, dibasic acids,
respectively, may be made; forming acetamide when ammonium ace-
tate is distilled. Acetic acid dissolves sulfur and phosphorus, is an im-
portant solvent for organic substances, and causes painful wounds
when it comes in contact with the skin. Normal acetates are soluble,
basic acetates insoluble. The latter are important in their compounds
with lead, and copper (“verdigris”).

A large number of acetic acid esters are important industrially, in-
cluding methyl, ethyl, propyl, butyl, amyl, and cetyl acetates; glycol
mono- and diacetate; glyceryl mono-, di-, and triacetate; glucose pen-
tacetate; and cellulose tri-, tetra-, and pentacetate.

Acetates may be detected by formation of foul-smelling cacodyl
(poisonous) on heating with dry arsenic trioxide. Other tests for acetate
are the lanthanum nitrate test in which a blue or bluish-brown ring
forms when a drop of 2.5% La(NO)j;); solution, a drop of 0.01-N iodine
solution, and a drop of 0.1% NH,OH solution are added to a drop of a
neutral acetate solution; the ferric chloride test, in which a reddish color
is produced by the addition of 1-N ferric chloride solution to a neutral
solution of acetate; and the ethyl acetate test, in which ethyl alcohol and
H,S0, are added to the acetate solution and warmed to form a colorless
solution.

ACETOACETIC ESTER CONDENSATION. A class of reactions
occasioned by the dehydrating power of metallic sodium or sodium
ethoxide on the ethyl esters of monobasic aliphatic acids and a few
other esters. It is best known in the formation of acetoacetic ester:

2CH,-COOC,H, + 2CH,-COOC,H, + 2Na—
2CH,-C(ONa):CH-COOC,H; + 2C,H,OH + H,

The actual course of the reaction is complex. By the action of acids the
sodium may be eliminated from the first product of the reaction and the
free ester obtained. This may exist in the tautomeric enol and keto
forms (CH;-COH:CH-COOC,H; and CH;-CO-CH,-COOC,Hy3).

On boiling ester with acids or alkalies it will split in two ways, the
circumstances determining the nature of the main product. Thus, if
moderately strong acid or weak alkali is employed, acetone is formed
with very little acetic acid (ketone splitting). In the presence of strong
alkalies, however, very little acetone and much acetic acid result (acid
splitting). Derivatives of acetoacetic ester may be decomposed in the
same fashion, and this fact is responsible for the great utility of this
condensation in organic synthesis. This is also due to the reactivity
of the -CH,- group, which reacts readily with various groups, notably
halogen compounds. Usually the sodium salt of the ester is used, and
the condensation is followed by decarboxylation with dilute alkali, or
deacylation with concentrated alkali.

CH,-CO-CHNa-COOC,H; + RI —
CH,-CO-CHR-COOC,H; + Nal

CH,-CO-CHR-COOC,H; "

Dilute alkali
CH,-CO-CH,R + C,H;OH + CO,

CH,-CO-CHR-COOC,Hj 20

Concentratedalkali

HOOC-CH,-R + C,H;OH + CH,COOH

ACETONE. CH;-CO-CHj;, formula weight 58.08, colorless, odorous
liquid ketone, mp —94.6°C, bp 56.5°C, sp gr 0.792. Also known as di-
methyl ketone or propanone, this compound is miscible in all propor-
tions with H,O, alcohol, or ether. Acetone is a very important solvent
and is widely used in the manufacture of plastics and lacquers. For stor-
age purposes, acetylene may be dissolved in acetone. A high-tonnage
chemical, acetone is the starting ingredient or intermediate for numer-



ous organic syntheses. Closely related, industrially important com-
pounds are diacetone alcohol (DAA) CH;-CO-CH,-COH(CHj;), which
is used as a solvent for cellulose acetate and nitrocellulose, as well as
for various resins and gums, and as a thinner for lacquers and inking
materials. Sometimes DAA is mixed with castor oil for use as a hydrau-
lic brake fluid for which its physical properties are well suited, mp
—54°C, bp 166°C, sp gr 0.938. A product known as synthetic methyl
acetone is prepared by mixing acetone (50%), methyl acetate (30%),
and methyl alcohol (20%) and is used widely for coagulating latex and
in paint removers and lacquers.

In older industrial processes, acetone is prepared (1) by passing the
vapors of acetic acid over heated lime. In a first step, calcium acetate is
produced, followed by a breakdown of the acetate into acetone and cal-
cium carbonate:

CH;-CO-0-Ca-00C-CH,3 — CH;-CO-CH; + CaCO;,

and (2) by fermentation of starches, such as maize, which produce ace-
tone along with butyl alcohol. Modern industrial processes include (3)
the use of cumene as a chargestock, in which cumene first is oxidized
to cumene hydroperoxide (CHP), this followed by the decomposition of
CHP into acetone and phenol; and (4) by the direct oxidation of propyl-
ene, using air and catalysts. The catalyst solution consists of copper
chloride and small amounts of palladium chloride. The reaction:
CH,CH=CH, + 1/.7.02 — CH;COCH;. During the reaction, the palla-
dium chloride is reduced to elemental palladium and HCI. Reoxidation
is effected by cupric chloride. The cuprous chloride resulting is reoxi-
dized during the catalyst regeneration cycle. The process is carried out
under moderate pressure at about 100°C.

Acetone reacts with many chemicals in a marked manner: (1) with
phosphorus pentachloride, yields acetone chloride (CH,),CCl,, (2) with
hydrogen chloride dry, yields both mesityl oxide CH;COCH:C(CHj;),,
liquid, bp 132°C, and phorone (CH,),C:CHCOCH: C(CHj;),, yellow
solid, mp 28°C, (3) with concentrated H,SO,, yields mesitylene
Ce¢H;3(CH;); (1,3,5), (4) with NH;, yields acetone amines, e.g., diace-
toneamine C¢H;,ONH, (5) with HCN, yields acetone cyanhydrin
(CH;),CHOH-CN, readily converted into alpha-hydroxy acid
(CH;),CHOH-COOH, (6) with sodium hydrogen sulfite, forms ace-
tone-sodiumbisulfite (CH;),COH-SO;Na, white solid, from which ace-
tone is readily recoverable by treatment with sodium carbonate solution,
(7) with hydroxylamine hydrochloride, forms acetoxime (CHj,),C:
NOH, solid, mp 60°C, (8) with phenylhydrazine, yields acetonephenyl-
hydrazone (CH;),C:NNHC¢Hs-H,0, solid, mp 16°C, anhydrous com-
pound, mp 42°C, (9) with semicarbazide, forms acetonesemicarbazone
(CHj3)C: NNHCONH,, solid, mp 189°C, (10) with magnesium methyl
iodide in anhydrous ether (“Grignard’s solution™), yields, after reaction
with H,O, trimethylcarbinol (CH,);COH, a tertiary alcohol, (11) with
ethyl thioalcohol and hydrogen chloride dry, yields mercaptol
(CH;),C(SC,Hjs),, (12) with hypochlorite, hypobromite, or hypoiodite
solution, yields chloroform CHCl,;, bromoform CHBr; or iodoform
CHI,, respectively, (13) with most reducing agents, forms isopropyl al-
cohol (CH;),CHOH, a secondary alcohol, but with sodium amalgam
forms pinacone (CH,),COH-COH(CHj;),, (14) with sodium dichromate
and H,SO,, forms acetic acid CH;COOH plus CO,. When acetone vapor
is passed through a tube at a dull red heat, ketene CH,:CO and methane
CH, are formed.

ACETYLENE. CH:CH, formula weight 26.04, mp —81.5°C, bp
—84°C, sp gr 0.905 (air = 1.000). Sometimes referred to as ethyne,
ethine, or gaseous carbon (92.3% of the compound is C), acetylene is
moderately soluble in H,O or alcohol, and exceptionally soluble in ace-
tone (300 volumes of acetylene in 1 volume of acetone at 12 atmos-
pheres pressure). The gas burns when ignited in air with a luminous
sooty flame, requiring a specially devised burner for illumination pur-
poses. An explosive mixture is formed with air over a wide range (about
3 to 80% acetylene), but safe handling is improved when the gas is
dissolved in acetone. The heating value is 1455 Btu/ft® (8.9 Cal/m?).
Although acetylene still is used in a number of organic syntheses on
an industrial scale, its use on a high-tonnage basis has diminished be-
cause of the lower cost of other starting materials, such as ethylene and
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propylene. Acetylene has been widely used in the production of halogen
derivatives, acrylonitrile, acetaldehyde, and vinyl chloride. Within re-
cent years, producers of acrylonitrile switched to propylene as a start-
ing material.

Commercially, acetylene is produced from the pyrolysis of naphtha
in a two-stage cracking process. Both acetylene and ethylene are end-
products. The ratio of the two products can be changed by varying the
naphtha feed rate. Acetylene also has been produced by a submerged-
flame process from crude oil. In essence, gasification of the crude oil
occurs by means of the flame, which is supported by oxygen beneath
the surface of the oil. Combustion and cracking of the oil take place
at the boundaries of the flame. The composition of the cracked gas in-
cludes about 6.3% acetylene and 6.7% ethylene. Thus, further sepa-
ration and purification are required. Several years ago when proce-
dures were developed for the safe handling of acetylene on a large
scale, J. W. Reppe worked out a series of reactions that later became
known as “Reppe chemistry.” These reactions were particularly impor-
tant to the manufacture of many high polymers and other synthetic
products. Reppe and his associates were able to effect synthesis of
chemicals that had been commercially unavailable. An example is the
synthesis of cyclooctatetraene by heating a solution of acetylene under
pressure in tetrahydrofuran in the presence of a nickel cyanide cata-
lyst. In another reaction, acrylic acid was produced from CO and H,0O
in the presence of a nickel catalystt C,H, + CO + H,0 —
CH,:CH-COOH. These two reactions are representative of a much
larger number of reactions, both those that are straight-chain only, and
those involving ring closure.

Acetylene reacts (1) with chlorine, to form acetylene tetrachloride
C,H,Cl, or CHCl,-CHCI, or acetylene dichloride C,H,Cl, or CHCI:
CHCI, (2) with bromine, to form acetylene tetrabromide C,H,Br, or
CHBr,'CHBr, or acetylene dibromide C,H,Br, or CHBr:CHBr, (3)
with hydrogen chloride (bromide, iodide), to form ethylene monochlo-
ride CH,:CHCI (monobromide, monoiodide), and 1,1-dichloroethane,
ethylidene chloride CH;-CHCI, (dibromide, diiodide), (4) with H,O in
the presence of a catalyzer, e.g., mercuric sulfate, to form acetaldehyde
CH;-CHO, (5) with hydrogen, in the presence of a catalyzer, e.g., finely
divided nickel heated, to form ethylene C,H, or ethane C,Hg, (6) with
metals, such as copper or nickel, when moist, also lead or zinc, when
moist and unpurified. Tin is not attacked. Sodium yields, upon heating,
the compounds C,HNa and C,Na,. (7) With ammoniocuprous (or sil-
ver) salt solution, to form cuprous (or silver) acetylide C,Cu,, dark red
precipitate, explosive when dry, and yielding acetylene upon treatment
with acid, (8) with mercuric chloride solution, to form trichloromer-
curic acetaldehyde C(HgCl);-CHO, precipitate, which yields with HCI]
acetaldehyde plus mercuric chloride.

ACETYLENE SERIES. A series of unsaturated hydrocarbons hav-
ing the general formula C,H,,_,, and containing a triple bond between
two carbon atoms. The series is named after the simplest compound of
the series, acetylene HC: CH. In more modern terminology, this series
of compounds is termed the alkynes. See also Alkynes.

ACHENE. A single-seeded, indehiscent fruit, in which the seed is
free from the ovary wall except at the point of attachment. An example
is the sunflower “seed.”

ACHERNAR (o Eridani). Ranking tenth in apparent brightness
among the stars, Achernar has a true brightness value of 200 as com-
pared with unity for the sun. Achernar is a blue-white, spectral B type
star and is one of the end stars in the constellation Eridanus, located
south of the ecliptic and in the viewing vicinity of the Magellanic
Clouds. Estimated distance from the earth is 65 light years. See also
Constellations; and Star.

ACHILLES TENDON. In humans, the prominent tendon at the back
of the ankle, extending from the muscle of the calf to the heel. Techni-
cally, it is the tendon which attaches the gastrocnemius and soleus mus-
cles to the calcaneus or heel bone. The name derived from human anat-
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Achilles tendon.

omy is used in relation to other vertebrates. See accompanying illustra-
tion.

ACHLORHYDRIA. The cessation of acid production by the stom-
ach. The low pH of the normal stomach contents is a barrier to in-
fection by various organisms and, where achlorhydria develops—par-
ticularly in malnutrition—it renders the patient more susceptible to
infection, such as by Vibrio cholerae and Giardia lamblia. The con-
dition is relatively common among people of about 50 years of age
and older, affecting 15 to 20% of the population in this age group.
The acid deficiency also occurs in about 30% of patients with adult
onset-type of primary hypogamma-globulinemia. A well-balanced
diet of easily digestible foods minimizes the discomforting effects of
complete absence of hydrochloric acid in the stomach. The condition
does not preclude full digestion of fats and proteins, the latter being
attacked by intestinal and pancreatic enzymes. In rare cases, where di-
arrhea may result from achlorhydria, dilute hydrochloric acid may be
administered by mouth. Where this causes an increase in discomfort
or even pain, the use of dexamethasone or mucosal coating agents is
preferred.

Commonly, achlorhydria may not be accompanied by other diseases,
but in some cases there is a connection. For example, achlorhydria is an
abnormality which sometimes occurs with severe iron deficiency. His-
talog-fast achlorhydria, resulting from intrinsic factor deficiency in
gastric juice, may be an indication of pernicious anemia. Hyperplastic
polyps are often found in association with achlorhydria.

Excessive alcohol intake can also lead to achlorhydria and it is said
that the resistance for cyanide poisoning of the Russian mystic, Raspu-
tin, was attributable to that effect. The great amount of vodka which he
consumed led to achlorhydria and thus the ingested potassium cyanide
did not liberate lethal hydrocyanic gas, nor was the potassium salt ab-
sorbed through the stomach walls.

R.C. V.
ACHOLIA. Absence or lack of secretion of bile.

ACHONDRITES. A form of stony meteorites without chondri, and
having textures similar to those of some terrestrial rocks. See Meteor-
oids and Meteorites.

ACHROMAT. A compound lens corrected so as to have the same
focal length for two or more different wavelengths. Commonly, the F-
and C-lines are the chosen wavelengths. See Fraunhofer Lines.

Achromats are used in optical microscopes for routine work, al-
though they show some field curvature.

ACHROMATIC. Free from hue. Transmitting light without showing
its constituent colors, or separating it into them. An achromatic color
sometimes is referred to as gray.

Achromatic Combination. If reversed crown and flint prisms are
made of such angle that the angles of dispersion between any two dif-
ferent wavelengths of light are alike but reversed in direction, then

these two colors will not be separated and all colors lying between
them will be separated little, if any, from each other. By using three
kinds of glass, it is possible to bring three colors together. When the
dispersions balance, the angles of deviation will, in general, not bal-
ance. This same principle is used in making achromatic lenses. Ach-
romatic prisms have a maximum of deviation and a minimum of dis-
persion, whereas an Amici prism disperses the light with a minimum
of deviation.

Achromatic Locus. Chromaticities that may be acceptable reference
standards under circumstances of common occurrence are represented
in a chromaticity diagram by points in a region which may be called the
“achromatic locus.” Any point within the achromatic locus, chosen as
a reference point, may be called an “achromatic point.” Such points
have also been called “white points.” However, the term “white point”
is best used to specify the intersection of the various achromatic loci
obtained under different conditions of adaptation.

Achromatic Stimulus. A visual stimulus that is capable of exciting a
color sensation of no hue. In practice, an arbitrarily chosen chromatic-
ity, such as that of the prevailing illumination.

ACID-BASE REGULATION (Blood). The hydrogen ion concen-
tration of the blood is maintained at a constant level of pH 7.4 by a
complex system of physico-chemical processes, involving, among
others, neutralization, buffering, and excretion by the lungs and kid-
neys. This topic is sometimes referred to as acid-base metabolism.
The clinical importance of acids and bases in life processes derives
from several fundamental factors. (1) Most chemical reactions within
the body take place in water solutions. The type and rate of such re-
actions is seriously affected by acid-base concentrations, of which pH
is one indication. (2) Hydrogen ions are mobile charged particles and
the distribution of such ions as sodium, potassium, and chloride in the
cell environment are ultimately affected by hydrogen ion concentra-
tion (pH). (3) It also has been established that hydrogen ion concen-
tration influences the three-dimensional configurations of proteins.
Protein conformational changes affect the biochemical activity of pro-
teins and thus can affect normal protein function. For example, en-
zymes, a particular class of proteins, exhibit optimal activity within
a narrow range of pH. Most physiological activities, and especially
muscular exercise, are accompanied by the production of acid, to neu-
tralize which, a substantial alkali reserve, mainly in the form of bi-
carbonate, is maintained in the plasma, and so long as the ratio of
carbon dioxide to bicarbonate remains constant, the hydrogen ion
concentration of the blood does not alter. Any non-volatile acid, such
as lactic or phosphoric, entering the blood reacts with the bicarbonate
of the alkali reserve to form carbon dioxide, which is volatile, and
which combines with hemoglobin by which it is transported to the
lungs and eliminated by the processes of respiration. It will also be
evident from this that no acid stronger than carbon dioxide can exist
in the blood. The foregoing neutralizing and buffering effects of bi-
carbonate and hemoglobin are short-term effects; to insure final
elimination of excess acid or alkali, certain vital reactions come into
play. The rate and depth of respiration are governed by the level of
carbon dioxide in the blood, through the action of the respiratory cen-
ter in the brain; by this means the pulmonary ventilation rate is con-
tinually adjusted to secure adequate elimination of carbon dioxide. In
the kidneys two mechanisms operate; ammonia is formed, whereby
acidic substances in process of excretion are neutralized, setting free
basic ions such as sodium to return to the blood to help maintain the
alkali reserve. Where there is a tendency to the development of in-
creased acidity in the blood, the kidneys are able selectively to re-ab-
sorb sodium bicarbonate from the urine being excreted, and to release
into it acid sodium phosphate; where there is a tendency to alkalemia,
alkaline sodium phosphate is excreted, the hydrogen ions thus liber-
ated being re-absorbed to restore the diminishing hydrogen ion con-
centration. See also Achlorhydria; Acidosis; Alkalesis; Blood; pH
(Hydrogen ion concentration); Potassium and Sodium (In Biologi-
cal Systems).

ACIDIC SOLVENT. A solvent which is strongly protogenic, i.e.,
which has a strong tendency to donate protons and little tendency to
accept them. Liquid hydrogen chloride and hydrogen fluoride are acidic



solvents, and in them even such normally strong acids as nitric acid do
not exhibit acidic properties, since there are no molecules which can
accept protons; but, on the contrary, behave to some extent as bases by
accepting protons yielded by the dissociation of the HCI or the HF. See
Acids and Bases.

ACIDIMETRY. An analytical method for determining the quantity
of acid in a given sample by titration against a standard solution of a
base, or, more broadly, a method of analysis by titration where the end
point is recognized by a change in pH (hydrogen ion concentration).
See also Analysis (Chemical); pH (Hydrogen Ion Concentration; Ti-
tration (Potentiometric); and Titration (Thermometric).

ACIDITY. The amount of acid present, expressed for a solution
either as the molecular concentration of acid, in terms of normality,
molality, etc., or the ionic concentration (hydrogen ions or protons) in
terms of pH (the logarithm of the reciprocal of the hydrogen ion con-
centration). The acidity of a base is the number of molecules of monoa-
tomic acid which one molecule of the base can neutralize. See Acids
and Bases.

ACID NUMBER. A term used in the analysis of fats or waxes to
designate the number of milligrams of potassium hydroxide required to
neutralize the free fatty acids in 1 gram of substance. The determination
is performed by titrating an alcoholic solution of the wax or fat with
tenth or half-normal alkali, using phenolphthalein as indicator.

ACIDOSIS. A condition of excess acidity (or depletion of alkali) in
the body, in which acids are absorbed or formed in excess of their elimi-
nation, thus increasing the hydrogen ion concentration of the blood,
exceeding the normal limit of 7.4. The acidity-alkalinity ratio in body
tissue normally is delicately controlled by several mechanisms, notably
the regulation of carbon dioxide-oxygen transfer in the lungs, the pres-
ence of buffer compounds in the blood, and the numerous sensing areas
that are a part of the central nervous system. Normally, acidic materials
are produced in excess in the body, this excess being neutralized by the
presence of free alkaline elements, such as sodium occurring in plasma.
The combination of sodium with excess acids produces carbon dioxide
which is exhaled. Acidosis may result from: (1) severe exercise, leading
to increased carbon dioxide content of the blood, (2) sleep, especially
under narcosis, where the elimination of carbon dioxide is depressed,
(3) heart failure, where there is diminished ventilation of carbon diox-
ide through the lungs, (4) diabetes and starvation, in which organic ac-
ids, such as B-hydroxybutyric and acetoacetic acids, accumulate, (5)
kidney failure, in which the damaged kidneys cannot excrete acid radi-
cals, and (6) severe diarrhea, in which there is loss of alkaline sub-
stances. Nausea, vomiting, and weakness sometimes may accompany
acidosis. See also Acid-Base Regulation (Blood); Blood; Kidney and
Urinary Tract; and Potassium and Sodium (In Biological Systems).

ACID RAIN. See Climatology; Electric Power Production and
Distribution; Pollution (Air).

ACIDS AND BASES. The conventional definition of an acid is that
it is an electrolyte that furnishes protons, i.e., hydrogen ions, H. An
acid is sour to the taste and usually quite corrosive. A base is an elec-
trolyte that furnishes hydroxyl ions, OH™. A base is bitter to the taste
and also usually quite corrosive. These definitions were formulated in
terms of water solutions and, consequently, do not embrace situations
where some ionizing medium other than water may be involved. In the
definition of Lowry and Brensted, an acid is a proton donor and a base
is a proton acceptor. Acid-base theory is described later.

Acidification is the operation of creating an excess of hydrogen ions,
normally involving the addition of an acid to a neutral or alkaline solu-
tion until a pH below 7 is achieved, thus indicating an excess of hydro-
gen ions. In neutralization, a balance between hydrogen and hydroxyl
ions is effected. An acid solution may be neutralized by the addition of a
base; and vice versa. The products of neutralization are a salt and water.

Some of the inorganic acids, such as hydrochloric acid, HCI, nitric
acid, HNO,, and sulfuric acid, H,SO,, are very-high-tonnage products
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and are considered very important chemical raw materials. The most
common inorganic bases (or alkalis) include sodium hydroxide, NaOH,
and potassium hydroxide, KOH, and also are high-tonnage materials,
particularly NaOH.

Several classes of organic substances are classified as acids, notably
the carboxylic acids, the amino acids, and the nucleic acids. These and
the previously mentioned materials are described elsewhere in this vol-
ume.

Principal theories of acids and bases have included: (1) Arrhenius-
Ostwald theory, which was proposed soon after the concept of the ioni-
zation of chemical substances in aqueous solutions was generally ac-
cepted. (2) Much later (1923), J. N. Bronsted defined an acid as a source
of protons and a base is an acceptor of protons. (3) T. M. Lowry, working
in the same time frame as Bronsted, developed a similar concept and,
over the years, the concept has been referred to in the literature as the
Lowry-Bronsted theory. It will be noted that this theory altered the defi-
nition of an acid very little, continuing to emphasize the role of the hy-
drogen ion. However, the definition of a base was extended beyond the
role of the hydroxyl ion to include a wide variety of uncharged species,
such as ammonia and the amines. (4) In 1938, G. N. Lewis further broad-
ened the definition of Lowry-Brensted. Lewis defined an acid as any-
thing which can attach itself to something with an unshared pair of elec-
trons. The broad definition of Lewis creates some difficulties when one
attempts to categorize Lewis acids and bases. R. G. Pearson (1963) sug-
gested two main categories—hard and soft acids as well as hard and soft
bases. These are described in more detail by Long and Boyd (1983). (5)
In 1939, M. Usanovich proposed still another theory called the positive-
negative theory, also developed in detail by Long and Boyd.

In terms of the definition that an acid is a proton donor and a base is
a proton acceptor, hydrochloric acid, water, and ammonia (NH;) are
acids in the reactions:

HCl 2 H* + ClI-
H,0 2 H* + OH-
NH, 2 H* + NH;
Note that this definition is different in at least two major respects from
the conventional definition of an acid as a substance dissociating to
give H™ in water. The Lowry-Brensted definition states that for every
acid there be a “conjugate” base, and vice versa. Thus, in the examples
cited above, C1-, OH™, and NH- are the conjugate bases of HCI, H,0,
and NH;,. Furthermore, since the equations given above should more
properly be written:
HCI + H,0 2 H,0* + CI-
H,0 + H,0 2 H,0* + OH~
NH, + H,0 2 H,0* + NH3
It can be seen that every acid-base reaction involving transfer of a pro-
ton will involve two conjugate acid-base pairs, e.g., in the last equation

NH, and H;0O* are the acids and NH; and H,O the respective conjugate
bases. On the other hand, in the reaction:

NH, + H,02 NHj + OH-
H,0 and NH; are the acids and NH; and OH™ the bases. In other reac-

tions, e.g.,
Base, Acid, Acid, Base,
C,H,0; +H,0 2 HC,H,0, + OH-
HCO; + HCO;5 2 H,CO, + CO32
N,HZ + N,H? 2 N,H;? + N,H,
H,0 + Cr(H,0);* =2 N0t + Cr(H,0); OH?*

the conjugate acids and bases are as indicated. The theory is not limited
to the aqueous solution; for example, the following reactions can be
considered in exactly the same light:

Base, Acid, Acid, Base,
NH, + HCI 2 NH} + CI-
CH,CO,H + HF 2 CH,CO,H} +F-
HF + HCIO, 2 H,F+ + ClO;
(CH;),0 +HI 2 (CH;), OH* + 1~
C¢H, + HSO,F = C¢H# + SO5F~
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Acids may be classified according to their charge or lack of it. Thus, in
the reactions cited above, there are “molecular” acids and bases, such
as HC1, H,CO,, HCIO,, etc., and N,H,, (CH;),0, C¢H,, etc., and also
cationic acids and bases, such as H;O", N,Hi, N,HZ*, NHj,
(CH;),0H", etc., as well as anionic acids and bases, such as HCO3,
Cl7, NH;, NH3?, etc. In a more general definition, Lewis calls a base
any substance with a free pair of electrons that it is capable of sharing
with an electron pair acceptor, which is called an acid. For example, in
the reaction:

(C,H,),0: + BF, — (C,H,),0: BF,

the ethyl ether molecule is called a base, the boron trifluroide, an acid.
The complex is called a Lewis salt, or addition compound.

Acids are classified as monobasic, dibasic, tribasic, polybasic, etc.,
according to the number (one, two, three, several, etc.) of hydrogen
atoms, replaceable by bases, contained in a molecule. They are further
classified as (1) organic when the molecule contains carbon; (1a) car-
boxylic, when the proton is from a —COOH group; (2) normal, if they
are derived from phosphorus or arsenic, and contain three hydroxyl
groups: (3) ortho, meta, or para, according to the location of the car-
boxyl group in relation to another substituent in a cyclic compound; or
(4) ortho, meta, or pyro, according to their composition.

Superacids. Although mentioned in the literature as early as 1927,
superacids were not investigated aggressively until the 1970s. Prior to
the concept of superacids, scientists generally regarded the familiar
mineral acids (HF, HNO;, H,SO,, etc.) as the strongest acids attainable.
Relatively recently, acidities up to 10'? times that of H,SO, have been
produced.

In very highly concentrated acid solutions, the commonly used meas-
urement of pH is not applicable. See also pH (Hydrogen Ion Concen-
tration). Rather, the acidity must be related to the degree of transfor-
mation of a base with its conjugate acid. In the Hammett acidity
Sfunction, developed by Hammett and Deyrup in 1932,

BH*
H, = pK
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where pkBH™ is the dissociation constant of the conjugate acid (BH™),
and BH*/B is the ionization ratio, measurable by spectroscopic means
(UV or NMR). In the Hammett acidity function, acidity is a logarithmic
scale wherein H,SO, (100%) has an H; of —11.9; and HF, an H; of
—11.0.

As pointed out by Olah et al. (1979), “The acidity of a sulfuric acid
solution can be increased by the addition of solutes that behave as acids
in the system: HA + H,SO, 2 H;SO; + A~. These solutes increase
the concentration of the highly acidic H;SO, cation just as the addition
of an acid to water increases the concentration of the oxonium ion.
H;0". Fuming sulfuric acid (oleum) contains a series of such acids, the
polysulfuric acids, the simplest of which is disulfuric acid, H,S,0,,
which ionizes as a moderately strong acid in sulfuric acid: H,S,0, +
H,SO, 2 H,;SO; + HS,07. Higher polysulfuric acids, such as H,S;0,
and H,S,0,3, also behave as acids and appear somewhat stronger than
H,S,0,.”

Hull and Conant in 1927 showed that weak organic bases (ketones
and aldehydes) will form salts with perchloric acid in nonaqueous sol-
vents. This results from the ability of perchloric acid in nonaqueous
systems to protonate these weak bases. These early investigators called
such a system a superacid. Some authorities believe that any protic acid
that is stronger than sulfuric acid (100%) should be typed as a super-
acid. Based upon this criterion, fluorosulfuric acid and trifluoro-
methanesulfonic acid, among others, are so classified. Acidic oxides
(silica and silica-alumina) have been used as solid acid catalysts for
many years. Within the last few years, solid acid systems of consider-
ably greater strength have been developed and can be classified as solid
superacids.

Superacids have found a number of practical uses. Fluoroantimonic
acid, sometimes called Magic Acid, is particularly effective in preparing
stable, long-lived carbocations. Such substances are too reactive to ex-
ist as stable species in less acidic solvents. These acids permit the pro-
tonation of very weak bases. For example, superacids, such as Magic
Acid, can protonate saturated hydrocarbons (alkanes) and thus can play
an important role in the chemical transformation of hydrocarbons, in-

cluding the processes of isomerization and alkylation. See also Alkyla-
tion; and Isomerization. Superacids also can play key roles in polym-
erization and in various organic syntheses involving dienone-phenol
rearrangement, reduction, carbonylation, oxidation, among others. Su-
peracids also play a role in inorganic chemistry, notably in the case of
halogen cations and the cations of nonmetallic elements, such as sulfur,
selenium, and tellurium.

Free Hydroxyl Radical. 1t is important to distinguish the free radical
-OH and the OH™ ion previously mentioned. The free radical is created
by complex reactions of so-called “excited” oxygen with hydrogen as
the result of exposure to solar ultraviolet light. The radical has been
found to be an important factor in atmospheric and oceanic chemistry.
The life span of the radical is but a second or two, during which time it
reacts with numerous atmospheric pollutants in a scavenging (oxidiz-
ing) manner. For example, it reacts with carbon monoxide, as com-
monly encountered in atmospheric smog. It also reacts with sulfurous
gases and with hydrocarbons, as may result from incomplete combus-
tion processes or that have escaped into the atmosphere (because of
their volatility) from various sources.

Because of the heavy workload placed upon the hydroxyl radical
through such “cleansing” reactions in the atmosphere, some scientists
are concerned that the atmospheric content of -OH has diminished with
increasing pollution, estimating the probable drop to be as much as 5-
25% during the past three centuries since the start of the Industrial
Revolution. Ironically, some of the very pollutants that are targets for
reduction also are compounds from which the -OH radical is produced
and, as they are reduced, so will the concentration of -OH be reduced.
The fact that there is only one hydroxyl radical per trillion air molecules
must not detract from its effectiveness as a scavenger.

Scientists at the Georgia Institute of Technology have devised a mass
spectrometric means for testing the various theories pertaining to the
chemistry of -OH.

The probable importance of -OH in the oceans also is being investi-
gated. Researchers at Washington State University and the Brookhaven
National Laboratory have confirmed the presence of -OH in seawater
and now are attempting to measure its content quantitatively and to de-
termine the sources of its formation. Dissolved organic matter is one
highly suspected source. Tentatively, it has been concluded (using a
method called flash photolysis) that -OH concentrations (as well as
daughter radicals) range from 5 to 15 times higher in deep water than
in open-ocean surface waters. This may indicate that -OH may have
some impact on biota residing in deep water and may enhance the sec-
ondary production of bacterial growth, particularly in “carbon limited”
oligotrophic waters, in upwelling waters, and in regions with high ul-
traviolet radiation.

See also specific acids and bases, such as sulfuric acid and sodium
hydroxide, in alphabetically arranged entries throughout this Encyclo-
pedia.
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ACIDULANTS AND ALKALIZERS (Foods). Well over 50 chemi-
cal additives are commonly used in food processing or as ingredients
of final food products, essentially to control the pH (hydrogen ion con-
centration) of the process and/or product. An excess of hydrogen ions,
as contributed by acid substances, produces a sour taste, whereas an
excess of hydroxyl ions, as contributed by alkaline substances, creates
a bitter taste. Soft drinks and instant fruit drinks, for example, owe their
tart flavor to acidic substances, such as citric acid. Certain candies,
chewing gums, jellies, jams, and salad dressings are among the many
other products where a certain degree of tartness contributes to the
overall taste and appeal.



Taste is only one of several qualities of a process or product which is
affected by an excess of either of these ions. Some raw materials are
naturally too acidic, others too alkaline—so that neutralizers must be
added to adjust the pH within an acceptable range. In the dairy industry,
for example, the acid in sour cream must be adjusted by the addition of
alkaline compounds in order that satisfactory butter can be churned.
Quite often, the pH may be difficult to adjust or to maintain after ad-
justment. Stability of pH can be accomplished by the addition of buff-
ering agents which, within limits, effectively maintain the desired pH
even when additional acid or alkali is added. For example, orange-fla-
vored instant breakfast drink has just enough “bite” from the addition
of potassium citrate (a buffering agent) to regulate the tart flavor im-
parted by another ingredient, citric acid. In some instances, the pres-
ence of acids or alkalies assist mechanical processing operations in
food preparation. Acids, for example, make it easier to peel fruits and
tubers. Alkaline solutions are widely used in dehairing animal car-
casses.

The pH values of various food substances cover a wide range. Plant
tissues and fluids (about 5.2); animal tissues and fluids (about 7.0 to
7.5); lemon juice (2.0 to 2.2); acid fruits (3.0 to 4.5); fruit jellies (3.0
to 3.5).

Acidulants commonly used in food processing include: Acetic acid
(glacial), citric acid, fumaric acid, glucono delta-lactone, hydrochloric
acid, lactic acid, malic acid, phosphoric acid, potassium acid tartrate,
sulfuric acid, and tartaric acid. Alkalies commonly used include: Am-
monium bicarbonate, ammonium hydroxide, calcium carbonate, cal-
cium oxide, magnesium carbonate, magnesium hydroxide, magnesium
oxide, potassium bicarbonate, potassium carbonate, potassium hydrox-
ide, sodium bicarbonate, sodium carbonate, sodium hydroxide, and so-
dium sesquicarbonate. Among the buffers and neutralizing agents fa-
vored are: Adipic acid, aluminum ammonium sulfate, ammonium
phosphate (di- or monobasic), calcium citrate, calcium gluconate, so-
dium acid pyrophosphate, sodium phosphate (di-, mono-, and tri-ba-
sic), sodium pyrophosphate, and succinic acid.

See also Buffer (Chemical); and pH (Hydrogen Ion Concentra-
tion).

Functions of Acidulants. In the baking industry, acidulants and
their salts control pH to inhibit spoilage by microbial actions to en-
hance the stability of foams (such as whipped egg albumin), to assist in
leavening in order to achieve desired volume and flavoring, and to
maximize the performance of artificial preservatives. A variety of the
food acids previously mentioned is used. For example, citric acid tradi-
tionally has been favored by bakers for pie fillings. Baking powders
(leavening agents) frequently will contain adipic acid, fumaric acid, and
cream of tartar. Fumaric acid, in particular, has been the choice for leav-
ening systems of cakes, pancakes, biscuits, waffles, crackers, cookies,
and doughnuts. This acid also provides the desired characteristic flavor
for sour rye bread—this eliminating fermentation of the dough to
achieve desired flavor. Lactic acid and its salts sometimes are used as
dough conditioners.

Acidulants are used in the soft drink beverage industry for producing
a tart taste, improving flavor balance, modifying the “sweetness” pro-
vided by sugar and other sweeteners, extending shelf life by reducing
pH value of final product, and improving the performance of antimi-
crobial agents. Specific acidulants preferred vary with the type of bev-
erage—i.e. carbonated, noncarbonated, dry (reconstituted by addition
of water), and low-calorie products.

In the production of confections and gelatin desserts, acidulants are
used mainly for enhancing flavor, maintaining viscosity, and control-
ling gel formation. In confections, such as hard candies, acidulants are
used to increase tartness and to enhance fruit flavors. Acidulants also
contribute to the ease of manufacturing.

In dairy products, acidulants, in addition to achieving many of the
foregoing functions, also help to process the products. As an example,
adipic acid improves the texture and melting characteristics of proc-
essed cheese and cheese foods, where pH control is very important.

In fruit and vegetable processing, acidulants play somewhat differ-
ent roles than previously described. These would include reducing
process heating requirements through pH control, inactivating certain
enzymes that reduce shelf life, and chelation of trace metals that may
be present (through catalytic enzymatic oxidation). Citric acid is used
widely in canned fruits, such as apricots, peaches, pears, cherries, ap-
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plesauce, and grapes, to retain the firmness of the products during
processing. The acid also provides a desirable tartness in the final
products.

In the processed meat field, citric acid, along with oxidants, is used
to prevent rancidity in frankfurters and sausages. Sodium citrate is used
in processing livestock blood, which is used to manufacture some sau-
sages and pet foods.

Acidulants and alkalizers, like other food additives, are controlled by
regulatory bodies in most industrial nations. Some of the additives
mentioned in this article are considered to be “Generally Regarded as
Safe,” having a GRAS classification. These include acetic, adipic, cit-
ric, glucone delta lactone, lactic, malic, phosphoric, and tartaric acids.
Others are covered by the Code of Federal Registration (FDA) in the
United States.

A very orderly and informative article (Dziezak 1990) is suggested
as a source of detailed information on this topic.
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ACLINIC LINE (or Dip Equator; Magnetic Equator). The line
through those points on the earth’s surface at which the magnetic incli-
nation is zero. The aclinic line is a particular case of an isoclinic line.

ACMITE-AEGERINE. Acmite is a comparatively rare rockmaking
mineral, usually found in nephelite syenites or other nephelite or
leucite-bearing rocks, as phonolites. Chemically, it is a soda-iron sili-
cate, and its name refers to its sharply pointed monoclinic crystals.
Bluntly terminated crystals form the variety aegerine, named for Aegir,
the Icelandic sea god.

Acmite has a hardness of 6 to 6.5, specific gravity 3.5, vitreous; color
brown to greenish-black (aegerine), or red-brown to dark green and
black (acmite). Acmite is synonymous with aegerine, but usually re-
stricted to the long slender crystalline variety of brown color.

The original acmite locality is in Greenland. Norway, the former
U.S.S.R., Kenya, India, and Mt. St. Hilaire, Quebec, Canada furnish
fine specimens. United States localities are Magnet Cove, Arkansas,
and Libby, Montana, where a variety carrying vanadium occurs.

ACNE VULGARIS. A chronic disorder of the pilosebaceous units
and generally confined to the face, chest, and back. The primary lesions
are horny plugs (blackheads), which later develop into pink papules,
pustules, or nodules. Nodules are tender, acute, and localized collec-
tions of pus deep in the dermis. Large pustular lesions may develop and
may break down adjacent tissue to form lakes of pus, sinuses, and char-
acteristically pitted scars. Studies have shown that heredity is a major
predisposing factor in the disease. It has been described by some
authorities as polygenic (summed effects of many genes) and thus dif-
ficult to clearly delineate in terms of heredity.

Prior to puberty, the small pilosebaceous units are dormant. At pu-
berty, these units enlarge and produce sebum by action of the seba-
ceous gland which converts circulating testosterone to Sa-dihydros-
testosterone, which is the tissue androgen. See Androgens. Acne may
occur when an excess of sebum is produced; or when the pilose-
baceous follicular openings are too small to allow increased sebum
flow; or when both conditions are present. The duration of acne vul-
garis is highly variable and can persist well into the third decade of
life. But, normally the disease peaks during the teen years and early
twenties.
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The microflora of acne lesions are usually those that are found in
normal skin, including the anaerobic diphtheroid Propionibacterium
acne and coagulase-negative staphylococci and micrococci. The yeast
Pityrosporum usually colonizes the superficial layers of the lesions. Ac-
neiform eruptions also may be caused by certain drugs, including
phenytoin, isoniazid, lithium, and drugs containing halogens. Symp-
toms of steroid acne usually occur within two weeks after the com-
mencement of systemic steroids. Papulopustular eruptions congregate
on the upper chest, back, and arms. Chloracne is the result of occupa-
tional exposure to chlorinated hydrocarbons, tars, and cutting oils.
Eruptions usually occur at points of contact with these foreign materi-
als. Acne rosacea tends to affect middle-aged adults and occurs on the
forehead, cheeks, nose, and chin, usually with the presence of facial
flushing.

General measures to be taken for the care of acne include: (1) Thor-
ough cleansing of the skin with soap and water at least once per day to
remove dirt, sebum, and scales. Greasy cosmetics are to be avoided, but
a water-base makeup may be used. (2) Frequent cleansing of scalp and
hair with an antiseborrheic shampoo for removal of excess oil. (3) Hair
should be worn off the face. (4) Physical tampering, such as squeezing
of the lesions should be avoided. (5) Mild exposure to the sun’s rays
may be beneficial, but should be avoided in persons using topical reti-
noic acid. (6) The patient should attempt to relate types of food intake
with any exacerbation of the acne—because some authorities believe
there are dietary factors involved. However, formerly held associations
of acne with certain taboos, such as chocolate, coffee, cola drinks, fatty
foods, nuts, ice cream, and sweets, have not been proven. Some lotions
and creams have been helpful in treating noninflammatory acne. These
include sulfur (2 to 8%); resorcinol (1 to 4%); benzoyl peroxide (5 to
10%); and vitamin A acid (retinoic acid, 0.025 to 0.1%). The mode of
action of these preparations is not fully understood, but generally they
cause desquamation (peeling of scales) and cause papules and pustules
to dry and peel. Sometimes, to inhibit the growth of P acne, topical
antibiotics, such as tetracycline, erythromycin, and clindamycin, are
prescribed.

A breakthrough in the treatment of acne vulgaris occurred in the
early 1980s, when a U.S. pharmaceutical firm introduced a powerful
drug called Accutane, which, for carefully screened and qualified pa-
tients, often can accomplish rather remarkable results in returning the
patient’s complexion to one that is smooth and clear. Unfortunately,
however, the drug must be highly restricted because of its teratogenic
effects (birth defects and deformaties) if administered to a pregnant
patient or a patient contemplating pregnancy. Although not fully
banned in the United States as of 1992, the drug is limited to use by
experienced dermatologists and then only for extreme cases of cystic
acne and never in situations where pregnancy may be a factor.
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ACOELA. An order of free-living flatworms in which the alimentary
tract is without a cavity.

ACOELOMATA. Animals without a coelom. The term is applied es-
pecially to the flatworms, nemertine worms, and roundworms; these
animals have attained a mesoderm, in which the body cavity develops
but it remains a more or less continuous mass with small internal spaces
if any.

ACOUSTIC COMPENSATOR. A device for adjusting acoustical
path lengths for matching purposes in binaural listening.

ACOUSTIC MODE. A type of thermal vibration of a crystal lattice
which, in the limit of long wavelengths, is equivalent to an acoustic
wave traveling with nearly constant velocity as if through an elastic
continuum. At high frequencies, approaching the Debye frequency, the

phase velocity of the acoustic modes tends to decrease, owing to dis-
persion. See also Crystal.

ACOUSTIC PRINCIPLE OF SIMILARITY. For any acoustic sys-
tem involving diffraction phenomena, it is possible to construct a new
system on a different scale which will perform in similar fashion, pro-
vided that the wavelength of the sound is altered in the same ratio as the
linear dimensions of the original system.

ACOUSTICS. Broadly interpreted, acoustics is the science of sound
and the technology which is associated with it.! Because of the com-
plexity of the topic, it can be divided into two broad areas:

1. Sound production and transmission—an oscillation in pressure,
stress, particle displacement, particle velocity, etc. in a medium with
internal forces (for example, elastic, viscous), or the superposition of
such propagated oscillations. For this definition, the terms sound wave
or elastic wave or phonon are appropriate.

A sound wave is a longitudinal wave that consists of a sequence of
pressure pulses or elastic displacements of air or other material (solid,
liquid, or gas). A sound wave traveling in a gas is a sequence of com-
pressions (dense gas) and rarefactions (less dense gas). Generally, of
course, the gas in question is a mixture of nitrogen and oxygen (air).
When sound travels in a solid, the sound wave is a traveling sequence
of elastic compression and expansion waves. Similarly, in liquids, the
sound wave is a traveling sequence of combined elastic deformation
and compression waves. Propagation rate depends upon a number of
variables, notably temperature, pressure, and the elastic properties of
the medium. The currently accepted figure for the speed of sound in
dry, open air under so-called standard conditions (0°C; 1 atm) is 331.45
meters per second (741.43 miles per hour).2 A phonon is an acoustic
energy packet similar in concept to a photon (light) and a function of
the frequency of vibration of a sound source. Phonons are contained in
or form a sound wave.

2. Sound as perceived—a sound sensation evoked by the oscillations
previously described. Not all sound waves, of course, will evoke an
auditory sensation in human receptors. Sound frequencies are usually
defined: Audible, 20 to 20,000 Hz (cps); higher, ultrasonic, 20,000 to
40,000+ H,; lower, infrasonic, below the audible range. For sound trav-
eling in air at 1126 Hz, the wavelength is about one foot. In nature, the
waves may be simple sinusoidal, complex, or explosive (shock), de-
pending on the source. See also Doppler Effect.

Disciplines of Acoustics

Several disciplines fall within the realm of acoustics: (1) Physical
acoustics; (2) physiological acoustics; (3) psychological acoustics, of
which music is a major category, (4) electroacoustics, and (5) architec-
tural acoustics.

Physical Acoustics

Physical acoustics deals with the fundamental physics and behavior
of sound phenomena. Embraced are the properties and behavior of lon-
gitudinal waves of “infinetesimal” amplitude in solid, liquid, or gaseous
media. These waves are propagated at the velocity of sound, or phase
velocity, which is independent of frequency in a nondissipating free
medium. In such a case, the shape of a complex wave remains un-
changed during its propagation, although its amplitude may change.
When the velocity of sound, or phase velocity, becomes dependent on
frequency, the shape of a complex wave changes during propagation
and dispersion is said to occur. In such cases, groups of waves compris-
ing a limited range of frequencies travel at a velocity known as the
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2Most scientists over several decades have accepted the figure given here. S.
K. Wong (National Research Council of Canada) recalculated the speed of sound
from the original formula suggested by Laplace over two centuries ago. The cal-
culation produced the figure 741.07 mph-—0.05% less than the accepted speed
figure. In a careful review of experiments conducted over many years, Wong
found a margin of error as great or greater than that which can be ascribed to his
theoretical calculation. Fortunately, for most scientific and engineering purposes,
the currently accepted value serves well.



group velocity, which differs from the phase velocity. It is the group
velocity which carries the energy of such complex waves.

Acoustic Waves. These waves are dispersive in (1) a free medium in
which viscosity, heat conduction, and molecular, thermal, or chemical
relaxation cause an increase in phase velocity with frequency; (2) in a
confined medium, in a capillary tube, for example, in which viscosity
causes a decrease in phase velocity with frequency; (3) in a confined
medium in nondissipative tubes of increasing cross section, where the
rate of change of cross-sectional area differs from the conical, i.e., dif-
ferent from proportionality to the square of the distance along the tube
(examples of such tubes are the exponential and catenoidal horns, in
which the phase velocity increases with decreasing frequency); (4) in
nondissipative cylindrical tubes with flexible walls; (5) in waves of fi-
nite amplitude, where the higher-frequency components have a higher
phase velocity than the lower-frequency components, a transfer of en-
ergy occurring from the lower-frequency components to the higher-fre-
quency components.

Physical acoustics studies the reflection, refraction, diffraction, and
absorption of sound waves. Properties of wave motion, such as rein-
forcement and destructive interference, are studied. Such waves are ac-
companied by pressure and particle-velocity fluctuations detectable by
the ear or by instruments capable of measuring the frequency instanta-
neous values, and mean intensity of these fluctuations.

In geometrical acoustics, a subcategory of physical acoustics, phe-
nomena are studied where diffraction and interference are disregarded.
Energies of direct and reflected waves are considered to add irrespec-
tive of relative phase, a condition that applies to incoherent (i.e., uncor-
related) waves.

Physiological Acoustics

This discipline deals with animal (principally human) hearing and its
impairment, the voice mechanism, and the physical effects in general
of sounds on living bodies. A number of specialties exist in this field.
Medical professionals are concerned with the diagnosis, treatment, and
prevention of illnesses and disorders of the human sound system, i.e.,
the ability not only to perceive (listen) sounds, but also with the means
for creating (voice) sounds. The field also includes the design and ap-
plication of means for improving both the hearing and voice systems—
electronic hearing aids, improvements in telephony for creating clearer
more audible messages, particularly for the hard of hearing, as well as
speech training for the handicapped. Much more attention over the last
several years has been devoted to reducing noise pollution and the dan-
gers of long exposure of the human ear to adverse acoustical conditions
in the workplace.

Human ears do not respond, in general, to frequencies outside the
audio band (20-20,000 Hz), although small animals such as cats and
bats do hear in the lower ultrasonic region. At one time called superson-
ics, the term ultrasonic is now preferred to distinguish this area of high-
frequency sound propagation from the noise of supersonic aircraft, su-
personic fluid flow (as encountered in industrial valves), and shock
waves in fluids, which have to do with speeds higher than the speeds of
sound.

The strength of a sound field is measured by its mean square pressure
expressed as sound pressure level (L,) in decibels. Decibels are loga-
rithmic units defining the range of sound pressure levels (L,) between
the minimum audible value at 1000 Hz (4 dB3—the threshold of hear-
ing) for the average pair of good young (high school age) ears and the
maximum audible value of L, at which effects other than hearing (such
as tickling in the ears—the threshold of feeling) begin to appear. This
upper limit shows up at about 120 dB at 1000 Hz.

Higher values of L, (e.g., 130 dB) begin to cause pain in the average
ear, and values of 160 dB may well cause instantaneous physical dam-
age (perforation) to the tympanic membrane. The minimum audible
sound pressure, py, at 1000 Hz is internationally accepted as 0.0002
microbar rms (i.e., 0.0002 dyne/cm?, rms), and the sound pressure level
at any other rms value of sound pressure, p, irrespective of frequency,
is given by L, = 20 log,, (p/py) dB. The bel (seldom used) is simply
equal to 10 decibels. The bel appears first used in connection with

30 dB at 1000 Hz is defined in older work as the threshold of hearing.
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power loss in telephone lines and is named in honor of Alexander Gra-
ham Bell.

Other reference pressures, p,, may be used in special applications,
instead of 0.0002 microbar, so it is essential to specify the reference
pressure when quoting values of L,,.

The loudness of a sound field is judged by the ear in the audio fre-
quency range. Loudness judgments by groups of observers have estab-
lished a loudness level scale. The loudness level (Ly) in phons is arbi-
trarily taken equal to the sound pressure level L,, in dB at the reference
frequency of 1000 Hz over the range from the threshold of hearing to
the threshold of feeling. Jury judgment of equality in loudness between
test tones at different frequencies (f) and 1000 Hz reference tones of
known sound pressure level (L,) have established equal loudness con-
tours (contours of constant Ly) in the L,-f plane.

These contours show in general a marked decrease in ear sensitivity
to sounds at frequencies below about 200 Hz, and this decrease is much
more pronounced in the lower loudness levels. For example, at 50 Hz
the 4-phon contour has an L; of about 43 dB, the 80-phon contour about
93 dB. At higher frequencies, the ear shows some 8-dB increase in sen-
sitivity in the region around 3500 Hz, then a loss in sensitivity beyond
about 6000 Hz. These characteristics of hearing are significant in the
design of lecture and music halls, noise-control devices, and high-fidel-
ity audio equipment.

Also based on jury judgments, a scale of loudness, N, (in sones) has
been established for sounds (for pure tones and for broad band noise).
On this scale, a given percentage change in sone value denotes an equal
percentage change in the subjective loudness of the sound. The scale
provides single numbers for judging the relative loudnesses of different
acoustical environments, for evaluating the percentage reduction in
noise due to various noise control measures, and for setting limits on
permissible noise in factories, from motor vehicles, etc.

Loudness N is related to loudness level Ly in the range 40 to 100
phons by the equation log;o N = 0.03Ly — 1.2. A loudness of 1 sone
corresponds to a loudness level of 40 phons and is typical of the low-
level background noise in a quiet home.

Various methods are available for estimating loudness of complex
sounds from their sound pressure levels in octave, half-octave, or third-
octave bands. For traffic noises, readings on a standard sound level me-
ter using the A-scale (which incorporates a frequency-weighting net-
work approximating the variation of ear sensitivity with frequency to
tones of 40-dB sound pressure level) appear to correlate reasonably
well with jury judgments of vehicle loudness.

The noisiness of a broad-band noise is more related to the annoyance
it causes than to its loudness. Thus, corresponding to the scale of sones
created to measure loudness, a scale of noys has been developed as a
measure of the noisiness of jet aircraft noise in particular. Noys give
more importance to the high-frequency bands of noise and less impor-
tance to the low-frequency bands than do sones. Also, corresponding to
the scale of loudness levels in phons, there has been established a scale
of perceived noise levels in PN dB. Rules have been established for
converting sound pressure level measured in octave bands, half-octave
bands and third-octave bands into noys and then into PN dB. Although
originally developed as a means for the assessment of the “noisiness”
of jet aircraft flying over inhabited communities, the concept of noisi-
ness is being applied to traffic and other broad-band noises. See also
Hearing and the Ear.

Psychological Acoustics

This diverse discipline deals with the emotional and mental reactions
of persons to various sounds. What sounds are acceptable to most peo-
ple under various living conditions and what sounds are not? For what
period of time can undesirable sounds be tolerated (aside from possible
physical damage)? Over the years, various noise criteria have been de-
veloped that are related to the so-called preferred speech interference
level PSIL. By definition, PSIL is the average of the sound pressure
levels in decibels (L,) in three octave frequency bands centered on 500
Hz, 1,000 Hz, and 2,000 Hz. The loudness level in phons (Ly) of a
broadband noise (no outstanding pure tones) should not be over 22
phons (at the most, not over 30 phons) greater than the PSIL, in deci-
bels, of the background noise.* Two noise control criteria (NC and
NCA) are designed to fulfill these conditions for various sound fields,
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ranging from radio and television broadcasting studios, through bed-
rooms, offices, restaurants, sports arenas, and factories.

Musical Sounds. A major segment of psychological acoustics (al-
though popularly considred more of an art than a science) is music. It
is well accepted, of course, that music exerts numerous emotional re-
sponses. It is only within the last few decades that a number of re-
searchers have investigated musical sounds from the standpoint of basic
physics. A merger of electronics with sound, of course, commenced
with radio, followed shortly by the extensive use of electronic equip-
ment for amplifying and conditioning musical sounds at concerts and
recording studios. Then, entered the interface between computer sci-
ence and electronically composed and produced music—with the most
recent impact being the digital reproduction of musical sounds on com-
pact discs, where a laser beam serves as the equivalent of the pickup or
stylus of a conventional record player.

A muscial sound may be described as an aural sensation caused by
the rapid periodic motion of a sonorous body. In contrast, noise is an
aural sensation due to nonperiodic motions. These observations, origi-
nally made by Helmholtz, may be modified slightly so that the frequen-
cies of vibration of the body fall within the limits of hearing: 20 to
20,000 Hz. This definition is not clear-cut; there are some noises in the
note of a harp (the twang) as well as a recognizable note in the squeak
of a shoe. In other cases, it is even more difficult to make a distinction
between music and noise. In some modern “electronic music,” hisses
and thumps are considered a part of the music. White noise is a complex
sound whose frequency components are so closely spaced and so nu-
merous that the sound ceases to have pitch. The loudness of these com-
ponents is approximately the same over the whole audible range, and
the noise has a hissing sound. Pink noise has its lower frequency com-
ponents relatively louder than the high frequency components.

The attributes of musical sound and their subjective correlates are
described briefly. The number of cycles per second, frequency, is a
physical entity and may be measured objectively. Pitch, however, is a
psychological phenomenon and needs a human subject to perceive it.
In general, as the frequency of a sonorous body is raised, the pitch is
higher. However, pitch and frequency do not bear a simple linear rela-
tionship. To show the relationship, a pitch scale can be constructed so
that one note can be judged to be two times the pitch of another and so
on. The unit of pitch is called the mel, and a pitch of 1,000 mels is
arbitrarily assigned to a frequency of 1,000 Hz. In general, it is ob-
served that the pitch is slightly less than the frequency at frequencies
higher than 1,000 cycles, and slightly more than the frequency at fre-
quencies less than 1,000 Hz. Pitch also depends on loudness. For a 200
cycle tone if the loudness is increased the pitch decreases, and the same
happens for frequencies up to 1,000 Hz. Between 1,000 and 3,000 Hz
pitch is relatively independent of loudness, while above 4,000 Hz, in-
creasing the loudness raises the pitch. A rapid variation in pitch when
the variation occurs at the rate of from two to five times per second is
called vibrato. The pitch variation in mels may be large or small but the
rate at which the pitch is varied is rarely greater than five times per
second. Violinists produce vibrato by sliding their fingers back and
forth a minute distance on a stopped string. A variation in loudness
occurring at the rate of two to five times a second is called tremolo.
Singers often produce a combination of tremolo and vibrato to give
added color to their renditions.

Like frequency, intensity is a physical entity defined as the amount
of sound energy passing through unit area per second in a direction
perpendicular to the area. It is proportional to the square of the sound
pressure, the latter being the rms pressure over and above the constant
mean atmospheric pressure. Since sound pressure is proportional to the
amplitude of a logitudinal sound wave and to the frequency of the wave,
intensity is proportional to the square of the amplitude and the square
of the frequency. Sound intensity is measured in watts per second per
square centimeter and, since the ear is so sensitive to sound, a more
usual unit is microwatt per second per square centimeter. By way of
example, a soft speaking voice produces an intensity of .1 micromi-
crowatt/cm? sec, which 1,500 bass voices singing fortissimo at a dis-

4A phon is the unit of loudness level. Loudness level in phons is equal to the
sound pressure level in decibels with reference to 0.0002 microbar of a pure tone
of 1000 Hz, which a group of listeners judge to be equally loud.

tance | cm away produce 40 watts/cm? sec. Because of such large
ranges of intensities, the decibel scale of intensity is normally used to
designate intensity levels. An arbitrary level of 107'® watts/cm?® sec is
taken as a standard for comparison at 1,000 Hz. This is very close to the
threshold of audibility. At this frequency, other sound levels are com-
pared by forming the logarithm of the ratio of the desired sound to this
arbitrary one. Thus log 7/107 !¢ is the number of bels a sound of intensity
I has, compared to this level. Since this unit is inconveniently large, it
has been subdivided into the decibel one-tenth its size; 10 log /107 '¢
equals the number of decibels (dB) the sound has. A few intensity deci-
bel levels are listed:

dB
Quiet whisper 10
Ordinary conversation 60
Noisy factory 90
Thunder (loud) 110
Pain threshold 120

While intensity levels can be measured physically, loudness levels
are subjective and need human subjects for their evaluation. The unit of
loudness is the phon, and an arbitrary level of 0 phons is the loudness
of a 1,000-Hz note which has an intensity level of 0 dBB. Sounds of
equal loudness, however, do not have the same intensity levels for dif-
ferent frequencies. From a series of experiments involving human sub-
jects, Fletcher and Munson in 1933 constructed a set of equal loudness
contours for different frequencies of pure tones. These show that for
quiet sounds (a level of 5 phons) the intensity level at 1,000 cycles is
about 5 dB lower than an equally loud sound at 2,000 cycles, for 30
cycles about 70 dB lower, and at 10,000 cycles about 20 dB lower. In
general, as the intensity level increases, loudness levels tend to be more
alike at all frequencies. This means that as a sound gets less intense at
all frequencies, the car tends to hear the higher and lower portions of
sound less loudly than the middle portions. Some high fidelity systems
incorporate circuitry that automatically boosts the high and low fre-
quencies as the intensity level of the sound is decreased. This control is
usually designated a loudness control.

That entity which enables a person to recognize the difference be-
tween equally loud tones of the same pitch coming from different mu-
sical instruments is called timbre, quality, or tone color. A simple fun-
damental law in acoustics states that the ear recognizes only those
sounds due to simple harmonic motions as pure tones. A tuning fork of
frequency f, when struck, causes the air to vibrate in a manner which
is very nearly simple harmonic. The sound that is heard does, in fact,
give the impression that it is simple and produces a pure tone of a single
pitch. If one now strikes simultaneously a series of tuning forks having
frequencies f (the fundamental), 2f, 3f, 4f, 5f, etc. (overtones), the
pitch heard is the same as that of the single fork of frequency f except
that the sound has a different quality. The quality of the sound of the
series can be changed by altering the loudness of the individual forks
from zero loudness to any given loudness. Another way to alter the tone
quality is to vary the time it takes for a composite sound to grow and to
decay. A slow growth of an envelope even though it contains the same
frequencies makes for a different tone quality than one which has a
rapid growth. The difference in quality between a b-flat saxophone and
an oboe is almost entirely due to the difference in growth or decay time.

A fundamental theorem discovered by the mathematician Fourier
states that any complicated periodic vibration may be analyzed into
a set of components which has simple harmonic vibrations of single
frequencies. If this method of analysis is applied to the composite
tones of musical instruments, it is seen that these tones consist of a
fundamental plus a series of overtones, the intensity of the overtones
being different for instruments of differing timbre. Rise and decay
times will also differ. The reverse of analysis is the synthesis of a mu-
sical sound. Helmholtz was able to synthesize sound by combining
sets of oscillating tuning forks of various loudness to produce a single
composite steady tone of a definite timbre. Modern synthesizers are
more sophisticated. Electrical oscillators of the simple harmonic va-
riety are combined electrically and then these electrical composite en-
velopes are electronically modified to produce differing rise and de-
cay times. A transducer changes the electrical composite envelope
into an acoustical one so that a sound of any desired timbre rise and



decay time can be produced. An alternate way to produce similar ef-
fects is to use an oscillation known as the square wave. When this is
analyzed by the method of Fourier, it is shown to consist of a fun-
damental plus the odd harmonics or overtones. Another kind of os-
cillator, a sawtooth wave, when analyzed, is shown to consist of the
fundamental and all harmonics—even and odd. A square wave or a
sawtooth wave produced by an appropriate electrical oscillator can be
passed through an electrical filter which can attenuate any range of
frequencies of the original wave. This altered wave can later be trans-
formed into the corresponding sound wave. In this way sounds having
a desired rise and decay time, plus the required fundamental and over-
tone structure, can be made as desired.

Learning from Antique Instruments. In comparatively recent
years, considerable interest has been shown by individuals and groups
of scientists in the acoustics of early (17th and 18th century) musical
instruments. The investigators use modern research tools and analytical
techniques, but even with this new technology, there remains a consid-
erable mystique as to how the early craftsmen achieved the exception-
ally high sound quality of their instruments.

Hutchins (see Additional Reading) reports on the acoustics of vio-
lin plates. A worldwide but small organization (Catgut Acoustical So-
ciety) has used advanced scientific methods in the study of violins
and other string instruments. Modern tests of the vibrational proper-
ties of the unassembled top and back plates of a violin reveal some-
thing of what the makers of violins do by intuition or “feel” in con-
structing consistently good violins. Complex mathematics involving
the Chladni method of displaying the eignemodes of a free (unat-
tached) violin plate and the use of hologram interferometry for de-
termining the vibrational patterns of violin plates were central to the
study reported by Hutchins.

In a scholarly paper by Richardson, the manufacture of stringed mu-
sical instruments is assessed from the standpoint of acoustics and
stresses that tone quality of a stringed instrument is intimately related
to the modes of vibration of its body. Richardson discusses the vibra-
tions of violins and guitars and shows how mode analysis and numerical
modeling may lead to a quantitative understanding of the relationships
between a musical instrument’s construction and its tone quality. The
author stresses that the greatest difficulties arising in violin making are
associated with the mechanical properties of the wood used and that the
maker must compensate for such variations by modifying the dimen-
sions of the instrument parts. Although beyond the scope of this article,
the results of holographic interferometry of a guitar are shown in Fig.
1 as being illustrative of the scientific sophistication that goes into such
studies.

Over scores of years, there has been much speculation pertaining to
selecting the right pieces of wood (for example, by Antonio Stradivari
in his violin making, or by the Ruckers family in Antwerp, who pro-
duced harpsichords with such splendid sound). There is unconfirmed
speculation that early instrument makers may have inspected the grain
of wood to determine its density by viewing sunlight through thin sec-
tions. Tillmann Steckner, a contemporary harpsichord maker in Lon-
don, Ontario, as of 1989, had not been able to test his speculation by
utilizing an x-ray technique because, “No one has given me a Stradivari
to take apart.”

The acoustics of the harpsichord also have been intensely studied by
other investigators. One of the most intriguing aspects of this instru-
ment is the “swirling sound” of the instrument. This is not produced by
a piano. E. L. Kottick et al. have employed Chladni patterns and com-
puter models, as have other investigators. Although the details of the
research are beyond the scope of this volume, the investigators reason
that the energy of the vibrating strings account for little sound directly
picked up by the ear; rather, this energy is passed to the instrument’s
soundboard by way of the bridge. The strings actually move only a com-
paratively few molecules of air. Acting as a selective filter, the bridge
then permits only some of the frequencies to pass to the soundboard.
The latter superimposes its own characteristics on the frequencies re-
ceived. Some of these are suppressed; others are enhanced. Additional
factors which affect the instrument’s sound include structural members
and the cavity, all of which interact with the soundboard. Still another
factor that contributes to the characteristics perceived by the ear is a
strong bass. The researchers suggest that this is a psychophysiological
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phenomenon that can be likened to heterodyning, as encountered in
electronics. See Heterodyne.

Baroque instruments other than vibrating strings also have been stud-
ied in recent yers. For example, Rossing reports of a study of the phys-
ics of kettledrums. Rossing notes that the vibrations of a violin string
form a harmonic series with a distinct pitch. The vibrations of an ideal
membrane, in contrast, do not form such a series. How then can a ket-
tledrum have a pitch? The Rossing paper partially answers this ques-
tion. Future research will be directed toward better understanding other
percussion instruments.

A revival of baroque music is putting greater emphasis on methods
of singing and playing that satisfy criteria for historically correct per-
formances. Many of the baroque musical instruments have been suc-
cessfully constructed, the surviving antique originals having yielded
many of their secrets. But not so, they report, for the baroque trum-
pet. The instrument today is not made as it was in the 17th and 18th
Centuries; consequently, playing techniques have been compromised.
The investigators explain in considerable detail their studies of the in-
strument and generally conclude that the problem of playing the ba-
roque trumpet resides in the contrast of how the instrument was made
a few centuries ago and how modern copies are made. They conclude
that only by consistently applying historical principles to all three
parts of the equation—the player, the mouthpiece, and the instru-
ment—can one accurately revive the lost art of playing the baroque
trumpet.

Mathematics and Musical Sound. Harmonics, the science of mu-
sical sounds, has been taught to serious students of music and the voice
for at least two centuries, and in recent years this knowledge has been
expanded markedly by applying computer technology to old principles.
Ironically, as pointed out by Bracewell, the human ear essentially cal-
culates in an instant a mathematical transform when it converts sound
waves of pressure traveling through the atmosphere into a sound spec-
trum (i.e., a series of volumes at distinct pitches). The brain further
processes this information into what is known as perceived sound. In
the late 1700s, Baron Jean-Baptiste-Joseph Fourier, a French scientist
and mathematician, developed a relatively complex mathematical
method for analyzing complex fluctuating phenomena that relate not
only to sound waves but also to such apparently unrelated areas as heat
conduction.- Although not universally applicable, Fourier found that a
sum of sinusoidal (wave-like) functions would converge to correctly
represent a discontinuous function. Thus, well established for scores of
years as a useful mathematical method of analyzing sound, Fourier
transforms now are being applied to the study of DNA’s double helix,
sawtooth signals in electronics, and sunspot cycles, among others. See
Fig. 2 and also Fourier Transform.

An example of how much more remains to be learned in the category
of musical sounds is the paradoxical perception of pitch. A few decades
ago, R. N. Shepard (AT&T Bell Laboratories) gathered an audience of
listeners and repeatedly played an identical sequence of computer-gen-
erated tones that were moved up an octave. The panel, instead of com-
menting that there was undistorted repetition, curiously stated that there
was a rise in pitch from one repetition to the next. Of course there was
no external reason for this, and it was believed that some mechanism of
human hearing was responsible for the phenomenon. Along similar
lines, earlier professional musicians had hinted of the phenomenon.
This puzzler of pitch perception has been termed the tritone paradox.
Deutsch (Univ. of California, San Diego) and other researchers world-
wide are exploring several hypotheses, including proposals that persons
who speak different dialects of a language may perceive tonal patterns
in strikingly different ways. This supports long-held speculation that
the way people hear music is related in some way to their speech char-
acteristics.

Research at MIT has included development of a computer program
to assist students in writing programs that characterize certain compos-
ers. But, when students hear their programs played back, they find that
such models fail in at least one critical way—i.e., some major compos-
ers, such as Bach and Vivaldi, have unique movements that to date have
not yielded to formal, procedural organization.

In this present period of intensive research of musical sounds, the
human voice has not been overlooked. A high-technology laboratory at
the Oberlin (Ohio) College Conservatory of Music is providing new
knowledge on the actions and performance of human vocal chords. In-
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Fig. 1. To visualize the complex body vibration of musical instruments requires rather sophisticated research
tools. Over many years of research, various methods have been devised to measure the fractional (tiny) dis-
placements. These have included Chladni patterns and intricate capacitive probes. One method preferred today
is that of holographic interferometry. This is the method used by Richardson at the University of Wales (Car-
diff). Reasonable facsimiles of some of these are shown here. The modes of vibration of a guitar are visualized.
Mode frequencies are (a) 106 Hz, (b) 2 to 16 Hz, (c) 268 Hz, (d) 553 Hz, (e) 1194 Hz, and () 509 Hz. The
mode shapes and frequencies are unique to the instrument shown (guitar). The fringes shown are the result of
interference between the multiple recorded by the hologram. As explained by researcher Richardson, the
fringes form a contour map of the amplitude displacement of the plate (its eigenfunction). The system has a
sensitivity on the order of 1 micrometer. These patterns reflect the construction of the particular instrument and
are dependent upon such factors as the volume of the air cavity (depth of ribs and plate area) and the size of
the round hole (called F hole in violin). The same principle that is used in bass-reflex loudspeakers, (i.e., a

Helmholtz resonator) acts as the coupling between the plates and the air cavity.

strumentation used includes electronic displays of vibrato, oscillation,
and tremolo. A sonograph-printer and spectrum analyzer are used to
visualize a singer’s resonance. An electrolaryngograph furnishes infor-
mation on vocal chords, producing graphics of breathy singing. One
researcher observes that the type of effort in biomechanics that has
been made on behalf of sports should be duplicated in the study of vocal
pedagogy. See also Voice and Sound Production.

The majority of scientists and musicians concerned with music re-
search today recognize that much has been learned to date, but that the
field is still in an experimental phase. Electronic music research ema-
nates mainly from computer scientists who have strong personal inter-
ests in music. What they are seeking does not always match the interests
of professional musicians, some of whom are seeking ways to enhance
the effects of the human performer. This would include searching for
and using new musically related algorithms. Efforts along these lines
are being made at the Institut de Recherche et Coordination
Acoustique/Musique (Paris), where algorithms are being created so that
a computer may track live music played by adjacent instruments. One
researcher has observed that “finding the pitch” is a terribly difficult
problem.

In another direction, some investigators are working on the concept
of a “radio baton,” which would incorporate a number of transmitters
that would send signals to track the movement of the baton in 3-D. This

tool, in essence, could then be used to direct a computer-simulated or-
chestra.

The goals of numerous and separate music research laboratories re-
main to be fully defined and coordinated. Thus, the experimental phase
probably will continue into the foreseeable future.

Digital Reproduction of Musical Sounds. Although digitization
has been used to enhance recordings of great artists from the past, the
major thrust of digital reproduction is that of making superior record-
ings of contemporary performances. The first component of audio sys-
tems to use digital processing was the phonograph, but authorities are
forecasting that every element of the sound system will ultimately em-
ploy digital technology. In the present and familiar compact disc, the
sound is preserved as a series of microscopic pits and smooth areas. A
laser beam, replacing the former stylus or pickup, serves as the play-
back device. In the older analog type of recording, the sound consists
of a continuous variation of amplitude over time. Any deviations from
linearity cause distortion on the waveform. All analog systems have
some nonlinearity. With analog systems, noise has been an ever-present
problem. In addition to noise arising from the microphones used to
make the recording, the recording medium per se is of a granular nature
and introduces further noise. As pointed out by Monforte, the noise puts
a lower limit on the resolving power of the storage medium. Bandwidth
is another fundamental limitation of traditional recording devices.



Fig. 2. Records of a complex sound and 12 of its components. Developed by
Dayton C. Miller, a pioneer sound physicist (circa 1920).

Monforte describes this as a limit on how quickly the system can re-
spond to the rapid changes in amplitude that are characteristic of
sounds.

Digitization of sound dates back to the 1920s when Bell Laboratories
engaged in a project to find ways to overcome the limitations of analog
recording. The waveform in a digital audio system is converted to a
series of numbers, which become a description of the waveform. See
Fig. 3.

In digital recording, the familiar analog-to-digital (A/D) technique is
used. In making this conversion, both amplitude and time must be in-
corporated into the digital signal. (A/D techniques have been used in
the computer process control field for many years.) Reconstruction of
the signal again follows earlier techniques used in other fields—the
digital signal is fed to a digital-to-analog (D/A) converter. The resulting
signal is a replica of the original waveform. The system is subject to two
major sources of error—inadequate sampling and quantization.

Because of the very high density of stored data, the compact disc has
nearly unlimited potential in electronic data processing. The compact
disc was developed by the Philips Corporation of The Netherlands in
cooperation with the Sony Corporation of Japan. The disc has a 500-
megabyte capacity.

Since the late 1980s, the motion picture industry has turned, at least
partially, to all-digital sound. Binary code, as compared with an analog
signal on a plastic or magnetic tape, is not subject to deterioration. This
is a very attractive advantage. Editing digital sound also can be simpler
and less time consuming, contributing to lower cost. However, the in-
itial switching of the film industry to all-digital technology represents
a very large investment in equipment (optical storage, for example); in
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Fig. 3. Playback system used in connection with digitally recorded discs (Com-
pact Disc). Light from a laser diode, shown at bottom of diagram, is passed
through a collimating lens to alleviate any tendency for the beam to diverge. A
polarized beam splitter divides the concentrated beam. Part of the beam is passed
to the detector at right. The remaining portion of the beam passes through another
filter that rotates the axis of polarization by 90 degrees. An objective lens focuses
the beam on the disc surface (digital track) shown along top of diagram. Highly
exaggerated bumps on the surface (about the size of the wavelength of incident
light) scatter the light, preventing it from returning to the detector. Instantly, the
detector senses the decline in beam intensity. These variations are read by the
system as a string of binary digits (1’s and 0’s).

the meantime, the suppliers of analog sound equipment are improving
their systems. Thus, the resistance to change is economic and coupled
with institutional inertia. Digital recording has been gaining experience
from use in shorter films and has been particularly adept for filling in
special effects. Digital sound is particularly effective for recording
background street noises, the clatter and rumbling of subway and rail
cars, the slamming of doors, pouring liquids, and so on. Some experts
still insist that, with exception of such special effects for enhancing
realism, analog recording sounds the best. A larger number of experts
consider the trend to digital as inevitable. However, still other experts
claim that the recording method used should not be the major consid-
eration, but that much more precise design attention should be given to
improving the acoustics of theater buildings, as well as upgrading the
theater’s sound delivery system.

In an exceptionally interesting paper, Fletcher and Thwaites describe
in detail the physics of the concert hall organ at the Sydney Opera
House (Australia) which was completed in 1979. The Sydney organ,
designed and built by Ronald Sharp, has some 10,500 pipes controlled
by the mechanical action of five keyboards and a pedal board. The me-
chanical action, which regulates the flow of air into the pipes, is dupli-
cated by an electric action that is under microprocessor control. The
organ, therefore, can be operated by a magnetic tape on which an origi-
nal performance has been digitally recorded.

Electroacoustics

This discipline is concerned with the principles by which electrical
energy can be converted into acoustic energy and vice versa. Consider
the familiar electrodynamic transducer. A periodic electric current
passing through a coil interacts with a steady radial magnetic flux caus-
ing the coil to vibrate. The coil in turn drives a diaphragm which radi-
ates sound waves from one side. (The other side is usually enclosed to
avoid cancellation of the acoustic output.) The entire process is revers-
ible since sound waves striking the diaphragm set up a periodic vari-
ation in air pressure adjacent to the diaphragm causing it to vibrate. As
the moving coil cuts the magnetic flux, an emf is generated which
causes a current to flow when a load is connected to the coil terminals.

Many, but not all, types of transducer are similarly reversible. A re-
versible transducer may be made to perform sending and receiving
functions successively in such a manner that an absolute sensitivity may
be determined (reciprocity calibration).
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The electrodynamic transducer may further be classified as passive
since all of the energy appearing in the acoustic load is derived from
the electrical input energy, and /inear in the sense that there is a sub-
stantially linear relationship between the input and output variables
(electric current and acoustic pressure in the present case).

Irreversible Transducers. These depend on a variety of special ef-
fects of which the best known is (a) the variation of surface contact
electrical resistance with pressure (carbon microphone). Other effects
are (b) the variation of bulk resistance with elastic strain (piezoresis-
tance), (c) variation of transistor parameters with strain, (d) cooling
effect of periodic air movement (hot wire microphone), (e) pressure
wave generated by an electrical spark, (f) dependence of air pressure on
level of corona discharge (ionophone). See also Microphone.

Reversible Transducers. An important class of reversible
transducer depends on relative movement of suitable components
linked by an electric or magnetic field traversing a gap. Examples are
(a) the electrodynamic transducer already described; (b) electrostatic
depending on the relative movement of charged condenser plates; (c)
magnetic or variable reluctance depending on relative movement of
magnetic poles in a magnetic circuit linked with a fixed coil.

Other reversible transducers are dependent on dimensional changes
connected with the state of magnetic or electric polarization of certain
crystalline materials (piezomagnetism and piezoelectricity). Since
strain may be longitudinal or shear and since both strain and polariza-
tion are directional quantities, many possible relationships between
strain and polarization exist. The behavior of an X-cut quartz disk may
serve as an illustration. When such a disk is axially compressed, electric
charges appear on the plane surfaces. Conversely, if a potential differ-
ence is established between the two surfaces, contraction or expansion
occurs depending on the direction of the electric field. Other important
single-crystal piezoelectric materials are ammonium dihydrogen phos-
phate (ADP) and Rochelle salt. During the past decade, polycrystalline
ceramic materials based on barium titanate and lead zirconate titanate
have replaced single-crystal materials in many applications. These ma-
terials are ferroelectric and, when prepolarized, exhibit piezoelectric
behavior.

To date, only polycrystalline piezomagnetic materials (often termed
magnetostrictive) have been found useful. Some are metals such as
nickel and permendur. Others are ferrite ceramics [basic composition:
(NiO)(Fe,05)] which have such a high electrical resistivity that eddy
current losses are negligible making lamination unnecessary.

Electromechanical Coupling. Transducer performance is closely
connected with the tightness of coupling between mechanical and elec-
trical aspects. Consider a piezoelectric disk which is compressed by
putting in mechanical energy W,,. The appearance of surface charges
shows that electrical energy W, is stored in the self capacitance and is
available when an external circuit is connected to suitable electrodes.
The ratio W/W, (electromechanical coupling coefficient) sets a limit
to the efficiency for a given bandwidth (frequency range). The coeffi-
cient may reach 70% for lead zirconate titanate.

Transducer Design. Impedance matching is of primary impor-
tance in electroacoustics. It may be likened to the choice of gear ratio
and wheel size in automobile design. Impedance matching is gener-
ally closely related to transducer parameters such as beam width of
projected or received sound and frequency response, as well as effi-
ciency. The many available matching technique include (a) Reso-
nance, (b) horn systems (acoustic transformers), (c) lever systems
(mechanical transformers). In the direct radiator electrodynamic loud-
speaker, the diaphragm is made large enough to interact with the
acoustic medium (air) and yet small enough in relation to the sound
wavelength (at low frequencies, at least) to ensure uniform projection
of sound over a wide angle. In the condenser loudspeaker, a large
transducer area compensates for the weakness of electrostatic forces.
In the underwater sonar project, slabs of piezoelectric ceramic may be
sandwiched between metal plates to form a resonant device which ra-
diates a narrow beam of sound with high efficiency over a narrow fre-
quency range.

Since 1970, much progress was made toward refining an acoustic
(voice) interface between people and computers. This topic is explored
in the entry on Telephony; and Voice and Sound Production, among
others. In the development of systems and components for various
kinds of voice communications, it is necessary in the performance of

Fig. 4. Anechoic chamber, a superquiet space for testing acoustic components
and systems. Adjustments on a directional microphone are being made in prepa-
ration for determining its directional characteristics. (4T7&T Bell Laboratories.)

various tests to isolate a chamber (anechoic chamber) as much as pos-
sible from ambient radiation, including sound and other electromag-
netic radiation. A chamber of this type is shown in Fig. 4.

. Microwave Acoustics. This field is concerned with the use of acous-
tic waves in solids for signal storage, amplification, and processing in
the frequency range above 50 MHz. A piezoelectric transducer thin
enough to operate in the fundamental mode at several hundred MHz can
be formed by evaporating a thin film of piezoelectric material onto a
suitable substrate or by forming a semiconductor depletion layer of the
correct thickness. Magnetoelastic transducers have been formed of ma-
terials such as yttrium iron garnet (YIG) which operate in the resonance
mode of the ferromagnetic spin system and generate longitudinal
acoustic waves.

A sound-transmitting bar and a pair of transducers provides an effec-
tive and compact delay line. The interaction of free charges with elastic
waves in piezoelectric materials can provide acoustic amplification,
which can be achieved with a longitudinal electric field sufficient to
establish a carrier drift velocity greater than the elastic wave velocity.
Traveling-wave amplifiers with 40 dB gain and 10% bandwidth at 1
GHz for a one millimeter transmission path have been built with semi-
conductors.

The interdigital transducer is an array of parallel conducting strips
with N/2 spacing deposited on a piezoelectric substrate, such as lith-
ium niobate, which provides efficient excitation of acoustic surface
waves (Rayleigh waves). Surface waves generated in this fashion can
be guided and selectively delayed by grooves and metallic film
boundaries and can be coupled in and out at many points along the
path. Surface waves also can be amplified by drifting charge carriers
in the substrate or in a semiconductor layer above the wave-carrying
surface. These properties are compatible with integrated circuit tech-
niques.

The electret microphone uses an electrostatic transducer in which a
polarizing field is maintained by a quasi-permanent charge layer em-
bedded in a thin plastic film. The electret transducer has a very high
electrical impedance and can be combined with an integrated field ef-
fect transistor (FET) amplifier. Complex array properties can be built
into electret microphones. Examples include the second-order gradient
(toroidal) microphone for conference use and a square array for acous-
tic holography.

The parametric acoustic array has provided a means for obtaining a
narrow beam of low-frequency underwater sound, using a small pri-
mary transducer. Due to the nonlinearity of the equations of fluid mo-
tion, a pair of highly collimated high-frequency sound beams can be
made to act as a very large end-fire array, launching a directional sound
beam at a comparatively low difference frequency. Since the liquid me-
dium rapidly absorbs the primary beams, the array is fapered.

Intense coherent sound waves can be generated at several GHz by the
electrostrictive processes which accompany the passage of intense laser
beams through liquids and solids (stimulated Brillouin scattering).



Architectural Acoustics

In this field, scientists and engineers deal with the problems of dis-
tribution of beneficial sounds within buildings and with the exclusion
of reduction of undesirable sounds. It has been known for many years
that the mass and limpness of barriers, such as partitions, are highly
important in providing high sound transmission loss. In auditoriums,
reflective ceilings and reflective walls, combined with convex irregu-
larities of random design, provide for reinforcement and diffuseness of
sound found so beneficial for speech and music. Reflecting surfaces,
giving short time-delay reflections (about 20 ms or less), are particu-
larly desirable in concert halls. Delays of 65 ms or more may result in
echoes and speech unintelligibility.

Publications of specifications for environmental and architectural
acoustics are obtainable from the American Society for Testing and Ma-
terials.

As of the early 1990s, major advancements are occurring in architec-
tural acoustics. An example is a computer graphics program developed
at Cornell University, in which a wireframe rendition of a symphony
hall is constructed. As the first hall to be studied, the researchers se-
lected the design of Boston Symphony Hall, which is famous for its
superior acoustics. A simulated sound is created from center stage. In-
itially, this expands in the form of a simple sphere in bold colors on the
screen. Reflections are then produced from the ceiling and balconies of
the hall, but in subtler hues of color. As the signal dies out, only a few
uncolored areas remain, thus identifying locations in the hall without
sound. When designing a new hall or contemplating design improve-
ments, a special wireframe representative of the geometry of the target
hall can be made. One of the researchers on this project observes that
each sound can be observed as it travels all over the hall and in steps of
1 ms, which is a finer resolution than what the human ear can perceive.
With just a few instructions to the system, one can select the best from
a series of possible hall design situations, such as the best ceiling
slopes, balcony arrangements, ceiling and inside wall building materi-
als, and so forth.

This technique may eliminate the need for constructing intricate
physical models that normally use light waves instead of sound as the
testing medium.

Automotive Acoustics

Traditionally, predicting noise in the passenger compartment of an
automobile in the early design stage was considered unachievable.
Acoustic analysis was simple—build a prototype vehicle, get in, listen,
then try to calm the cacophony. This trial-and-error acoustic engineer-
ing created numerous problems, for once a noise was designed in, it was
difficult and costly to eliminate it in the prototype or production mod-
els. Vehicle body structures are much like metal drums. Vibrations in-
duced by the road, by the car’s aerodynamic loadings, and by the power
train all generate sound in much the same way as the vibrating skin of
a drum.

Several years ago, General Motors (U.S.) developed a computer-
based acoustic model by mapping out the complex dimensional geome-
try of the passenger vehicle interior. The model was a useful analytical
tool because it could define booming frequencies and anticipate design
problems. But the model did not provide sufficient information to iden-
tify which part of the structure created the noise, nor, more importantly,
did it indicate what modifications would reduce the noise.

The next step was development of a system in which the acoustic
model was coupled with a computer-aided structural model. The struc-
tural model could simulate vibration responses of body surfaces during
actual vehicle operations. With a coupling equation, the structural
model could be linked with the acoustic model to translate vibration
data into the sound effects. The combined structural-acoustic model can
identify noise paths, pinpointing the parts of the body structure which
are likely to create noise and the percentage which various panels and
modes contribute. The model can suggest structural modifications,
such as redesigning a panel, early in the design stage to avoid costly
add-on solutions which also may add weight to the vehicle. The new
methodology has been verified by a comparison study between the
structural-acoustic model’s predictions and actual prototype vans
driven over rough roads at the GM proving grounds. As shown by Fig.
S, the model accurately predicted both acoustic peaks and overall noise
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Fig. 5. Comparison of the acoustic computer model’s predictions made in the
laboratory versus actual measurements made on the proving ground. Tests were
for a prototype van and show the close relationship between predictions and ac-
tual noise experience. (General Motors Corp.)

levels. A new systems approach to acoustic prediction and modification
is shown in diagram form in Fig. 6.

Other Applications of Acoustic Phenomena

Ultrasound in Chemistry. Chemical reactions between two or more
materials involve energy transfer. A reaction may (1) spontaneously
generate energy (most often thermal), or (2) require the absorption of
external energy to proceed partially or fully to completion. In the latter
case, ultrasound frequently is an excellent source of external, additional
energy. Generally, the application of acoustic energy to chemistry is
termed sonochemistry.

Ultrasound in high-energy chemistry is particularly effective when one
or more liquid reactants are involved. Mixtures of homogeneous liquids
or slurries (liquid-solids systems) are good examples. The application
of ultrasound normally is successful because of a phenomenon known
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Fig. 6. Systems approach to acoustic prediction and modification for producing
more acceptable vehicle designs during the earliest, pre-prototype stages in the
development of a new vehicle. System predicts what parts of the car or van struc-
ture that create noise and how this noise is transmitted. (General Motors Corp.)
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as acoustic cavitation. See also Cavitation. The latter occurs when ul-
trasound creates bubbles in the reactant(s), which expand rapidly, fol-
lowed by what is known as implosive collapse, during which localized
spots of very high temperature (5000°C; 9000+ F) are created and ac-
companied by very high pressures (up to 500 atmospheres). This proc-
ess occurs within a few microseconds, creating shock waves that travel
at extremely high velocities, causing, in a liquid-solid slurry, for exam-
ple, impacts (collisions) between particles. It is estimated that the
strength of such energy releases could instantaneously melt most met-
als. In fact, ultrasound is commonly used to clean metal surfaces that
are highly reactive, as well as for increasing the effectiveness of cata-
lytic reactions.

Ultrasound, with certain materials, also can cause the emission of
light. Known as sonoluminescence, this property was observed by Fren-
zel and Schultes (1934). Although not applied to practical advantage, it
has been found in recent years to apply to nonaqueous as well as water
components. Currently, sonoluminescence is considered to be a form of
chemiluminescence. The relatively recent emergence of ultrasound’s
importance in chemistry is very well summarized in the Suslick (1990)
reference listed.

Instrumentation and Testing. Acoustic emissions, particularly ul-
trasound, are widely and variously used for testing the properties of
materials and for imaging (medical applications being just one exam-
ple). In recent years, ultrasonic microscopy has evolved from a labora-
tory to an industrial inspection technique. The use of acoustic emissions
for testing pressure vessels used in industry have been commonplace
for many years. The use of ultrasonic nondestructive characterization
of materials has been widely used for years. These and other applica-
tions are described in various parts of this Encyclopedia. Check alpha-
betical index.
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ACOUSTIC SCINTILLATION. Irregular fluctuations in the re-
ceived intensity of sounds propagated through the atmosphere from a
source of uniform output. These variations are produced by the nonho-
mogenous structure of the atmosphere along the path of sound. Turbu-
lence and its concomitant variations in temperature and moisture are the
chief causes of the inhomogeneities that lead to sonic refraction, dif-
fraction, and scattering responsible for acoustic scintillation.

ACOUSTICS (Telephone). See Telephony.

ACOUSTICS (Underwater). See Radar.

ACROMEGALY. A disease associated with the pituitary gland. The
condition has been known since antiquity, but was not specifically de-
scribed as a distinct clinical syndrome until 1886 by P. Marie, a
French physician and medical researcher. The pituitary source of
acromegaly was confirmed by Cushing in 1909. Dr. Cushing pro-
posed that the cause is an excessive secretion of growth-promoting
hormone by a hyperfunctioning pituitary gland. Within the last decade
or two, much progress has been made toward a better understanding
of acromegaly. This is well documented by Melmed (1990). When the
underlying conditions develop early in life, the result may be gian-
tism, where individuals may attain a height of 8 feet (2.4 meters) or
more. If the condition develops later in life, after bones have ceased
to grow, an overactive pituitary causes excessive stimulation of
growth centers, resulting in the condition known as acromegaly. This
condition is frequently characterized by an abnormal development of
feet and hands, an abnormally prominent jaw, and enlarged bones of
the skull, sometimes causing the appearance like that of a primitive
human.

Acromegaly occurs just as frequently in both men and women; the
annual incidence is estimated at 3 to 4 cases per million and thus is rare.
Mean age at diagnosis is about 40 years in men and 45 years in women.
It is important to point out, however, that, because of so many unre-
ported or undiagnosed cases, the occurrence worldwide is from 50 to
70 cases per million of population. Major life-threatening diseases as-
sociated with acromegaly include hypertension, diabetes, pulmonary
infections, and cancer. Because the mortality associated with acro-
megaly is approximately double that of healthy subjects at the same age,
once diagnosed it should be treated aggressively. The underlying cause
is a pituitary adenoma, which normally shows up by using magnetic
resonance imaging or computerized tomography. Once identified, ther-
apy includes surgical treatment, radiation treatment, and drug therapy,
including bromocriptine, a lysergic-acid—ergot derivative and a
dopamine agonist. A recently developed long-acting somatostatin ana-
logue octreotide also appears promising.

See also Pituitary Gland.
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ACRYLIC ACID. CH,:CH-COOH, formula weight 72.06, colorless
liquid monocarboxylic acid, mp 12°C, bp 141°C, sp gr 1.062. Also
called propenoic acid, this compound is miscible in all proportions with
H,O0 or alcohol. The acid forms esters and metallic salts and forms ad-



dition products. The compound is of particular interest because of the
large number of synthetic plastics and resins which are made as the
result of polymerizing various acrylic derivatives, notably the esters of
acrylic acid. The anhydrous monomer, glacial acrylic acid, contains less
than 2% H,0. It yields esters when reacted with alcohols, including
ethyl acrylate and methyl acrylate. See also ABS (Acrylomtrlle-Buta-
diene-Styrene) Resins; Acrylonitrile; and Fibers.

ACRYLIC PLASTICS. A wide range of plastic materials dates back
to the pioneering work of Redtenbacher before 1850 who prepared
acrylic acid by oxidizing acrolein

CH=CHCHO % CH,=CHCOOH

At a considerably later date, Frankland prepared ethyl methacrylate and
methacrylic acid from ethyl a-hydroxyisobutyrate and phosphorus
trichloride. Tollen prepared acrylate esters from 2,3-dibromopropion-
ate esters and zinc. Otto Rohm, in 1901, described the structures of the
liquid condensation products (including dimers and trimers) obtained
from the action of sodium alkoxides on methyl and ethyl acrylate.
Shortly after World War I, Rohm introduced a new acrylate synthesis,
noting that an acrylate is formed in good yield from heating ethylene
cyanohydrin and sulfuric acid and alcohol. A major incentive for the
development of a clear, tough plastic acrylate was for use in the manu-
facture of safety glass.

Ethyl methacrylate went into commercial production in 1933. The
synthesis proceeded in the following steps:

(1) Acetone and hydrogen cyanide, generated from sodium cyanide
and acid, gave acetone cyanohydrin

HCN + CH,COCH,—(CH,),C(OH)CN

(2) The acetone cyanohydrin was converted to ethyl a-hydroxyis-
obutyrate by reaction with ethyl alcohol and dilute sulfuric acid

(CH3),C(OH)CN + C,H,OH 2% (CH,),C(OH)COOC, H;

(3) The hydroxy ester was dehydrated with phosphorus pentoxide to
produce ethyl methacrylate

(CHy),C(OH)COOC;H; 2% CH,—C(CH5)COOC,H

In 1936, the methyl ester of methacrylic acid was introduced and
used to produce an “organic glass” by cast polymerization. Methyl
methacrylate was made initially through methyl a-hydroxyisobutyrate
by the same process previously indicated for the ethyl ester. Over the
years, numerous process changes have taken place and costs lowered,
making these plastics available on a very high tonnage basis for thou-
sands of uses. For example, the hydrogen cyanide required is now pro-
duced catalytically from natural gas, ammonia, and air.

As with most synthetic plastic materials, they commence with the
monomers. Any of the common processes, including bulk, solution,
emulsion, or suspension systems, may be used in the free-radical po-
lymerization or copolymerization of acrylic monomers. The molecular
weight and physical properties of the products may be varied over a
wide range by proper selection of acrylic monomer and monomer
mixes, type of process, and process conditions.

In bulk polymerization no solvents are employed and the mono-
mer acts as the solvent and continuous phase in which the process is
carried out. Commercial bulk processes for acrylic polymers are used
mainly in the production of sheets, rods and tubes. Bulk processes are
also used on a much smaller scale in the preparation of dentures and
novelty items and in the preservation of biological specimens. Acrylic
castings are produced by pouring monomers or partially polymerized
sirups into suitably designed molds and completing the polymeriza-
tion. Acrylic bulk polymers consist essentially of poly(methyl
methacrylate) or copolymers with methyl methacrylate as the major
component. Free radical initiators soluble in the monomer, such as
benzoyl peroxide, are the catalysts for the polymerization. Aromatic
tertiary amines, such as dimethylaniline, may be used as accelerators
in conjunction with the peroxide to permit curing at room tempera-
ture. However, colorless products cannot be obtained with amine ac-
celerators because of the formation of red or yellow colors. As the po-

ACRYLIC PLASTICS 31

lymerization proceeds, a considerable reduction in volume occurs
which must be taken into consideration in the design of molds. At
25°C, the shrinkage of methyl methacrylate in the formation of the
homopolymer is 21%.

Solutions of acrylic polymers and copolymers find wide use as ther-
moplastic coatings and impregnating fluids, adhesives, laminating ma-
terials, and cements. Solutions of interpolymers convertible to thermo-
setting compositions can also be prepared by inclusion of monomers
bearing reactive functional groups which are capable of further reaction
with appropriate crosslinking agents to give three-dimensional polymer
networks. These polymer systems may be used in automotive coatings
and appliance enamels, and as binders for paper, textiles, and glass or
nonwoven fabrics. Despite the relatively low molecular weight of the
polymers obtained in solution, such products are often the most appro-
priate for the foregoing uses. Solution polymerization of acrylic esters
is usually carried out in large stainless steel, nickel, or glass-lined cy-
lindrical kettles, designed to withstand at least 50 psig. The usual reac-
tion mixture is a 40—60% solution of the monomers in solvent. Acrylic
polymers are soluble in aromatic hydrocarbons and chlorohydrocar-
bons.

Acrylic emulsion polymers and copolymers have found wide ac-
ceptance in many fields, including sizes, finishes and binders for tex-
tiles, coatings and impregnants for paper and leather, thermoplastic and
thermosetting protective coatings, floor finishing materials, adhesives,
high-impact plastics, elastomers for gaskets, and impregnants for as-
phalt and concrete.

Advantages of emulsion polymerization are rapidity and production
of high-moleuclar-weight polymers in a system of relatively low viscos-
ity. Difficulties in agitation, heat transfer, and transfer of materials are
minimized. The handling of hazardous solvents is eliminated. The two
principal variations in technique used for emulsion polymerization are
the redox and the reflux methods.

Suspension polymerization also is used. When acrylic monomers or
their mixtures with other monomers are polymerized while suspended
(usually in aqueous system), the polymeric product is obtained in the
form of small beads, sometimes called pearls or granules. Bead poly-
mers are the basis of the production of molding powders and denture
materials. Polymers derived from acrylic or methacrylic acid furnish
exchange resins of the carboxylic acid type. Solutions in organic sol-
vents furnish lacquers, coatings and cements, while water-soluble hy-
drolysates are used as thickeners, adhesives, and sizes.

The basic difference between suspension and emulsion processes lies
in the site of the polymerization, since initiators insoluble in water are
used in the suspension process. Suspensions are produced by vigorous
and continuous agitation of the monomer and solvent phases. The size
of the drop will be determined by the rate of agitation, the interfacial
tension, and the presence of impurities and minor constituents of the
recipe. If agitation is stopped, the droplets coalesce into a monomer
layer. The water serves as a dispersion medium and heat-transfer agent
to remove the heat of polymerization. The process and resulting product
can be influenced by the addition of colloidal suspending agents, thick-
eners, and salts.

Product Groupings. The principal acrylic plastics are cast sheet,
molding powder, and high-impact molding powder. The cast acrylic
sheet is formable, transparent, stable, and strong. Representative uses
include architectural panels, aircraft glazing, skylights, lighted outdoor
signs, models, product prototypes, and novelties. Molding powders are
used in the mass production of numerous intricate shapes, such as auto-
motive lights, lighting fixture lenses, and instrument dials and control
panels for autos, aircraft, and appliances. The high-impact acrylic
molding powder yields a somewhat less transparent product, but pos-
sesses unusual toughness for such applications as toys, business ma-
chine components, blow-molded bottles, and outboard motor shrouds.
The various acrylic resins find numerous uses as previously mentioned,
with varied and wide use in coatings. Acrylic latexes are composed
mainly of monomers of the acrylic family, such as methyl methacrylate,
butyl methacrylate, methyl acrylate, and 2-ethyl hexylacrylate. Addi-
tional monomers, such as styrene or acrylonitrile, can be polymerized
with acrylic monomers. Acrylic latexes vary considerably in their prop-
erties, mainly affected by the monomers used, the particle size, and the
surfactant system of the latex. Generally, acrylic latexes are cured by
loss of water only, do not yellow, possess good exterior durability, are
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tough, and usually have good abrasion resistance. The acrylic polymers
are reasonably costly and some latexes do not have very good color
compatibility. Acrylic latex paints can be used for concrete floors, inte-
rior flat and semigloss finishes, and exterior surfaces. See also Paint
and Coatings.

A developing and potentially large volume use for acrylics is in the
video, audio, and data-storage disk markets. The properties, as well as
ease of fabrication, have made acrylics a primary choice for these ap-
plications. More detail on acrylics can be found in an article by J. W.
Altman, Modern Plastics Encyclopedia, 13-16, Modern Plastics maga-
zine, New York (1986-1987).

ACRYLONITRILE. CH,:CHCN, formula weight 29.04, liquid, bp
78°C. Also called vinyl cyanide or propene nitrile, this compound is a
very high-tonnage chemical used as an intermediate in the production
of acrylonitrile-based plastics, nitrile rubbers, acrylic fibers, insecti-
cides, and numerous other synthetic materials. Manufacturing proc-
esses use propylene, NH;, and air as raw materials in what may be
termed an ammonoxidation or oxyamination reaction:

CH,CH:CH, + NH; + 1-1/20, = CH,:CHCN + 3H,0.

In one process, the starting ingredients are mixed with steam, pre-
heated, and fed to the reactor. There are two main by-products, acetoni-
trile (CH;-CN) and HCN, with accompanying formation of small quan-
tities of acrolein, acetone, and acetaldehyde. The acrylonitrile is
separated from the other materials in a series of fractionation and ab-
sorption operations. A number of catalysts have been used, including
phosphorus, molybdenum, bismuth, antimony, tin, and cobalt.

ACTH. The adrenocorticotropic hormone of the anterior lobe of the
pituitary gland, which specifically stimulates the adrenal cortex to se-
crete cortisone, and hence has effects identical with those of cortisone.
ACTH differs in its chemistry, absorption, and metabolism from the
other adrenal steroids. Chemically, it is a water-soluble polypeptide
having a molecular weight of about 3000. Its complete amino acid se-
quence has been determined. It produces its peripheral physiological
effects by causing discharge of the adrenocortical steroids into the cir-
culation. ACTH has been extracted from pituitary glands. In purified
form, ACTH is useful in treating some forms of arthritis, lupus erythe-
matosus, and severe skin disorders. The action of ACTH injections par-
allels the result of large quantities of naturally formed cortisone if they
were released naturally. See also Adrenal Glands; Hormones; Nerv-
ous System and The Brain; Pituitary Gland; and Steroids.

ACTIN. One of the two proteins that make up the myofibrils of stri-
ated muscles. The other protein is myosin. The combination of these
two proteins is sometimes spoken of as actinomyosin. The banded na-
ture of the myofibrils is due to the fact that both proteins are present
where the bands are dark and only one or the other is present in the light
bands. Since these bands lie side by side in the different myofibrils that
go to make up a muscle fiber, the entire muscle fiber shows a banded
or striated appearance. See also Contractility and Contractile Pro-
teins.

ACTINIDE CONTRACTION. An effect analogous to the Lantha-
nide contraction, which has been found in certain elements of the Acti-
nide series. Those elements from thorium (atomic number 90) to cu-
rium (atomic number 96) exhibit a decreasing molecular volume in
certain compounds, such as those which the actinide tetrafluorides form
with alkali metal fluorides, plotted in the accompanying diagram. The
effect here is due to the decreasing crystal radius of the tetrapositive
actinide ions as the atomic number increases. Note that in the Actinides
the tetravalent ions are compared instead of the trivalent ones as in the
case of the Lanthanides, in which the trivalent state is by far the most
common.

The behavior is attributed to the entrance of added electrons into an
(inner) f shell (4f for the Lanthanides, 5f for the Actinides) so that the
increment they produce in atomic volume is less than the reduction due
to the greater nuclear charge.
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Plot of molecular volume versus atomic number of the tetravalent Actinides.

ACTINIDE SERIES. The chemical elements with atomic numbers
90 to 103, inclusively, commencing with 90 (thorium) and through 103
(lawrencium) frequently are termed, collectively, the Actinide Series.
The term derives from actinium (at. no. 89) which is considered the
anchor element of the series, also appearing in group 3 of the periodic
table. Members of the series are listed in the accompanying table. Some
authorities place actinium in the series per se. This series of elements is
somewhat analogous to the Lanthanide Series. See also Lanthanide
Series.

Justification for the grouping is found in the higher elements of (I1I)
oxidation states similar to actinium, and (IV) oxidation states similar to
thorium. Certain similarities also exist between the atomic spectra and
magnetic properties in the Actinide and Lanthanide Series. Note that
actinium (Z = 89) and thorium (Z = 90) differ in electronic configura-
tion from their immediate predecessor in atomic number, radium (Z =
88) in having, respectively, 1 and 2 electrons in their 6d subshells. The
next element, protactinium (Z = 91), is the first to have an electron of
the Sf subshell. Note also that the configurations of the last seven ele-
ments as given in the table are enclosed in parentheses to indicate that
they are predicted, rather than determined, configurations. Two major
methods have been used in making these determinations for the first
eight elements: emission spectroscopy for actinium, thorium, uranium
and americium; and atomic-beam experiments for protactinium, neptu-
nium, plutonium and curium.

While in many respects the electronic configurations and chemical
properties of the Actinide elements are similar to those of the Lantha-
nide series, the 4f, 5d and 6s subshells of the latter corresponding to
the 5f, 6d, and 7s of the former, there are, however, significant differ-
ences. Cerium in the Lanthanide Series, unlike its analog thorium in the
Actinide Series, has an electron in its 4f subshell. Moreover, for the
first few members of each series, the 5f and 6d electrons are less ener-
getically bound to the atomic nucleus than the 4f and 54 ones, so that
the first few Actinide elements (except actinium) have in general higher
oxidation states (lose electrons more readily) than the corresponding
Lanthanides. Thus uranium, neptunium, plutonium, and americium
have all four of the oxidation states 3, 4, 5 and 6. Later in the series, the
Actinides correspond more closely to the Lanthanides in this respect.

In their electronic configurations the Actinide elements all have their
innermost 86 electrons arranged in the configuration of radon, and their
additional electrons as shown in the accompanying table.

As noted in a paper by T. J. Marks (see references), the stoichiomet-
ric and catalytic chemistry of metal-organic compounds having acti-
nide-to-carbon bonds is in a stage of new interest and growth. Chemi-
cal, structural, and bonding characteristics have been identified which
differ in several ways from those of d-block transition element com-
pounds. In his highly informative article, much too detailed to review
here, Marks addresses such topics as pi-bonded ligands, actinide-
carbon sigma bonds and their synthesis, the chemical characteristics
of actinide-carbon sigma bonds, hydride formation through actinide-
carbon bond hydrogenolysis, and carbon monoxide activation. There
is much interest in understanding the processes by which carbon mon-



ELECTRONIC CONFIGURATIONS FOR NEUTRAL
ATOMS OF THE ACTINIDE ELEMENTS

Atomic Electronic

Element Number (Z) Configuration
Actinium 89 6d7s?
Thorium 90 64*7s?
Protactinium 91 5f%6d7s*
Uranium 92 5136d7s?
Neptunium 93 5f46d7s?
Plutonium 94 5f%7s?
Americium 95 5F77s?
Curium 96 5f76d7s*
Berkelium 97 (5f%6d7s? or 5f77s%)
Californium 98 (5f1%7s%)
Einsteinium 99 (5f""7s%
Fermium 100 (5f'27s%)
Mendelevium 101 (537s%
Nobelium 102 (5£147s2)
Lawrencium 103 (5f'%6d7s?)

oxide (as probably derived from coal in the future) can be catalyti-
cally transformed into several useful organic chemicals. In his con-
clusions, Marks observes, “Organoactinide chemistry is entering a pe-
riod of rapid development. It is apparent that a rich and diverse
chemistry is emerging, and that ‘tuning’ of the ligation sphere and f-
electron configuration can exert significant control over the rate and
course of many ususual chemical transformations. To place this chem-
istry in perspective, it appears that there are distinct similarities to
main group and transition metal chemistry, but there are also pro-
nounced differences. It is the exploitation of these latter charac-
teristics that offers the greatest challenge and promise.”

Additional Reading

Hammond, C. R.: “The Elements” in Handbook of Chemistry and Physics, 67th
edition, CRC Press, Boca Raton, Florida (1986-1987).

Katz, J. J., and G. T. Seabord: “The Chemistry of the Actinide Elements,”
Methuen, London, 1957.

Marks, T. J.: “Actinide Organometallic Chemistry,” Science, 217, 989-997
(1982).

Staff: Handbook of Chemistry and Physics, 73rd, Ed. CRC Press, Boca Raton,
Florida, 1992-1993.

ACTINIUM. Chemical element symbol Ac, at. no. 89, at. wt. 227
(mass number of the most stable isotope), periodic table group 3,
classed in the periodic system as a higher homologue of lanthanum. The
electronic configuration for actinium is

15%25%2p®35?3p03d!04524pS4d 04 f145525p55d 06s26pS6d' Ts>.

The ionic radius (Ac*?) is 1.11A.

Presently, 24 isotopes of actinium, with mass numbers ranging from
207 to 230, have been identified. All are radioactive. One year after the
discovery of polonium and radium by the Curies, A. Debierne found an
unidentified radioactive substance in the residue after treatment of
pitchblende. Debierne named the new material actinium after the Greek
word for ray. F. Giesel, independently in 1902, also found a radioactive
material in the rare-earth extracts of pitchblende. He named this mate-
rial emanium. In 1904, Debierne and Giesel compared the results of
their experimentation and established the identical behavior of the two
substances. Until formulation of the law of radioactive displacement by
Fajans and Soddy about ten years later, however, actinium definitely
could not be classed in the periodic system as a higher homologue of
lanthanum.

The isotope discovered by Debierne and also noted by Giesel was
227Ac which has a half-life of 21.7 years. The isotope results from the
decay of 3%U (AcU-actinouranium) and is present in natural uranium
to the extent of approximately 0.715%. The proportion of Ac/U in ura-
nium ores is estimated to be approximately 2.1071° at radioactive equi-
librium. O. Hahn established the existence of a second isotope of actin-
ium in nature, 228Ac, in 1908. This isotope is a product of thorium decay
and logically also is referred to as meso-thorium, with a half-life of 6.13
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hours. The proportion of mesothorium to thorium (MsTh,/ Th) in tho-
rium ores is about 5.107 4. The other isotopes of actinium were found
experimentally as the result of bombarding thorium targets. The half-
life of 10 days of 225Ac is the longest of the artificially-produced iso-
topes. Although occurring in nature as a member of the neptunium fam-
ily, °Ac is present in extremely small quantities and thus is very
difficult to detect.

227Ac can be extracted from uranium ores where present to the extent
of 0.2 mg/ton of uranium and it is the only isotope that is obtainable on
a macroscopic scale and that is reasonably stable. Because of the diffi-
culties of separating 22’ Ac from uranium ores, in which it accompanies
the rare earths and with which it is very similar chemically, fractional
crystallization or precipitation of relevant compounds no longer is
practiced. Easier separations of actinium from lanthanum may be ef-
fected through the use of ion-exchange methods. A cationic resin and
elution, mainly with a solution of ammonium citrate or ammonium-a-
hydroxyisobutyrate, are used. To avoid the problems attendant with the
treatment of ores, 227Ac now is generally obtained on a gram-scale by
the transmutation of radium by neutron irradiation in the core of a nu-
clear reactor. Formation of actinium occurs by the following process:

226Ra(n,v)*?Ra B¢

In connection with this method, the cross section for the capture of ther-
mal neutrons by radium is 23 barns (23 X 1072 cm?). Thus, prolonged
radiation must be avoided because the accumulation of actinium is lim-
ited by the reaction (o = 500 barns):

227A¢(n, y)*22Ac(MsTh,)—>**Th(RdTh)

In 1947, F. Hageman produced 1 mg actinium by this process and, for
the first time, isolated a pure compound of the element. It has been
found that when 25 g of RaCOj; (radium carbonate) are irradiated at a
flux 0f2.6 X 10" ncm ~2s~! for a period of 13 days, approximately 108
mg of 2?7Ac (8 Ci) and 13 mg of 22®Th (11 Ci) will be yielded. In an
intensive research program by the Centre d’Etude de I’Energie Nu-
cléaire Belge, Union Miniere, carried out in 1970-1971, more than 10
g of actinium were produced. The process is difficult for at least two
reasons: (1) the irradiated products are highly radioactive, and (2) ra-
don gas, resulting from the disintegration of radium, is evolved. The
methods followed in Belgium for the separation of 22°Ra, 2?’Ac, and
228Th involved the precipitation of Ra(NO;), (radium nitrate) from con-
centrated HNO;, after which followed the elimination of thorium by
adsorption on a mineral ion exchanger (zirconium phosphate) which
withstand high levels of radiation without decomposition.

Metallic actinium cannot be obtained by electrolytic means because
it is too electropositive. It has been prepared on a milligram-scale
through the reduction of actinium fluoride in a vacuum with lithium
vapor at about 350°C. The metal is silvery white, faintly emits a blue-
tinted light which is visible in darkness because of its radioactivity. The
metal takes the form of a face-centered cubic lattice and has a melting
point of 1050 = 50°C. By extrapolation, it is estimated that the metal
boils at about 3300°C. An amalgam of metallic actinium may be pre-
pared by electrolysis on a mercury cathode, or by the action of a lithium
amalgam on an actinium citrate solution (pH = 1.7 to 6.8).

In chemical behavior, actinium acts even more basic than lanthanum
(the most basic element of the lanthanide series). The mineral salts of
actinium are extracted with difficulty from their aqueous solutions by
means of an organic solvent. Thus, they generally are extracted as
chelates with trifluoroacetone or diethylhexylphosphoric acid. The
water-insoluble salts of actinium follow those of lanthanum, namely,
the carbonate, fluoride, fluosilicate, oxalate, phosphate, double sulfate
of potassium. With exception of the black sulfide, all actinium com-
pounds are white and form colorless solutions. The crystalline com-
pounds are isomorphic.

In addition to its close resemblance to lanthanum, actinium also is
analgous to curium (Z = 96) and lawrencium (Z = 103), both of the
group of trivalent transuranium elements. This analogy led G. T.
Seaborg to postulate the actinide theory, wherein actinium begins a new
series of rare earths which are characterized by the filling of the 5finner
electron shell, just as the filling of the 4felectron shell characterizes the
Lanthanide series of elements. However, the first elements of the Acti-
nide series differ markedly from those of actinium. Notably, there is a
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multiplicity of valences for which there is no equivalent among the lan-
thanides. See Chemical Elements for other properties of actinium.

Mainly, actinium has been of interest from a scientific standpoint.
However 227 Ac has been proposed as a source of heat in space vehicles.
It is interesting to note that the heat produced from the absorption of
the radiation emitted by 1 g of actinium, when in equilibrium with its
daughters, is 12,500 cal/hour.

See also Actinide Series.
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ACTINOLITE. The term for a calcium-iron-magnesium amphibole,
the formula being Ca,(Mg,Fe)sSizO,,(OH), but the amount of iron var-
ies considerably. It occurs as bladed crystals or in fibrous or granular
masses. Its hardness is 5-6, sp gr 3-3.2, color green to grayish green,
transparent to opaque, luster vitreous to silky or waxy. Iron in the fer-
rous state is believed to be the cause of its green color. Actinolite de-
rives its name from the frequent radiated groups of crystals. Essentially
it is an iron-rich tremolite; the division between the two minerals is
quite arbitrary, with color the macroscopic definitive factor—white for
tremolite, green for actinolite. Actinolite is found in schists, often with
serpentine, and in igneous rocks, probably as the result of the alteration
of pyroxene. The schists of the Swiss Alps carry actinolite. It is also
found in Austria, Saxony, Norway, Japan, and Canada in the provinces
of Quebec and Ontario. In the United States actinolite occurs in Massa-
chusetts, Pennsylvania, Maryland, and as a zinc-manganese bearing va-
riety in New Jersey. See also Amphibole; Tremolite; and Uralite.

ACTINOMETER. The general name for any instrument used to
measure the intensity of radiant energy. In earlier usage, the term was
often restricted to the measurement of photochemically active radia-
tion, but is now used more generally.

In meteorological and astronomical applications, actinometers may
be classified according to the type of radiation they measure: (1) The
pyrheliometer measures the intensity of direct solar radiation. It con-
sists of a radiation sensing element enclosed in a casing that has a small
aperture through which the direct solar rays enter, and a recorder unit.
The amount of radiant energy absorbed is determined from the tem-
perature rise of the sensing element. (2) The pyranometer measures the
combined intensity of direct solar radiation and diffuse sky radiation,
i.e., radiation reaching the earth’s surface after having been scattered
from the direct solar beam by molecules or suspensoids in the atmos-
phere. It consists of a recorder and a radiation sensing element mounted
so that it views the entire sky. (3) The pyrgeometer measures the effec-
tive terrestrial radiation, i.e., the difference between the total outgoing
infrared radiation of the earth’s surface and the downcoming atmos-
pheric radiation. It consists of four manganin strips, two blackened and
two polished. The blackened strips are allowed to radiate to the atmos-
phere, whereas the polished strips are shielded. The electrical power
required to equalize the temperature of the four strips is taken as a
measure of the outgoing radiation.

ACTINOMYCOSIS. An infectious disease caused by Gram-positive
bacteria with a characteristic filamentous branching shape which are
known as actinomycetes. Because of their unusual shape, the actinomy-
cetes were once thought to be fungi. However, they differ from fungi in

their cell wall composition, notably in the lack of chitin, and their fila-
ments or hyphae exceed one micrometer in diameter tending to frag-
ment into bacillary forms of subculture. There are two genera of Acti-
nomycetacea: Nocardia and Actinomycetes. The majority of human
infections are, however, caused by one species, A. israeli, which is an
aerobic commensal of the oropharynx, normally resident in gingivo-
dental crevices and tonsillar crypts.

Actinomycosis is an endogenous infection and case to case transmis-
sion is only likely to occur through human bites or bare knuckle injuries
by the opponent’s teeth. It is a subacute or chronic granulomatous dis-
ease which progresses to fibrosis and suppuration with formation of
external sinuses. 4. bovis causes a condition known as “lumpy jaw” in
cattle, but it rarely, if ever, causes human disease although the distinc-
tive term has been applied also to cervicofacial actinomycosis.

In the past, the majority of cases of actinomycosis occurred in men,
and cervicofacial, thoracic, and abdominal forms of the disease for-
merly constituted 95% of cases. Currently, female pelvic actinomycosis
is probably the most common form of the disease.

The types of actinomycosis are generally classified on the basis of
anatomical location. Cervicofacial actinomycosis (lumpy jaw) is asso-
ciated with dental caries and usually follows orofacial trauma, dental
extraction or gingival infection, together with poor dental hygiene. Pul-
monary actinomycosis may follow aspiration of the organism from the
oropharynx or by infiltration through the esophageal wall, giving rise
to cough, pleuritic symptoms, fever, and weight loss. Gastrointestinal
actinomycosis is acquired by ingestion of the organism which pene-
trates the intestinal wall at a site where the mucosa has been injured by
disease or traumatized.

Symptoms most frequently are encountered in the right iliac fossa
where differential diagnosis from appendicitis, Crohn’s disease, or tu-
berculosis is important. Hepatic actinomycosis may account for up to
15% of cases, occurring primarily or secondary to pre-existing abdomi-
nal disease. The kidney may also become involved by local extension
or through bacteremic spread. Pelvic actinomycosis may originate from
the upward spread of organisms which reach the perineum from the
oropharynx and via the intestinal tract. Pelvic extension from the abdo-
men may also occur, but the disease mostly has been observed in
women fitted with plastic intrauterine contraceptive devices, notably
the Dalkon shield. The extension of infection ranges from cervicitis and
endometritis to salpingitis and tubovarian abscess.

Wherever the site of the infection, however, actinomycosis charac-
teristically produces a chronic granulomatous inflammation which bur-
rows deeply through contiguous tissue without respect to fascial planes.
Consequently, draining sinus tracts are often present. The drainage may
be purulent or sanguineous. If present, sulfur granules, small white-to-
yellow aggregates of bacterial filaments, are important clues to diagno-
sis. The disease follows an indolent but progressive course and, in the
typical case, symptoms are present for one to five months before diag-
nosis.

The diagnosis of actinomycosis depends upon the microscopical
identification of the organism after smear or culture. Although wide
surgical excision is not ordinarily required for treatment, some surgical
debridement may be helpful therapeutically. Otherwise, antibiotics are
the mainstay of treatment, with penicillin being the drug of choice. In
the penicillin-allergic patient, tetracycline is preferred. With vigorous
antibiotic treatment, the prognosis is excellent.

Additional Reading

Brown, J. R.: “Human Actinomycosis,” Human Pathology, 4, 319 (1973).

Mandell, G. L., Douglas, R. G. Jr,, and J. E. Bennett, Editors: Principles and
Practice of Infectious Diseases, Churchill Livingstone, New York, 1990.

Mitchell, R. G.: “Actinomycosis,” in Oxford Textbook of Medicine (Weatherall,
Ledingham and Warrell, Eds.), Oxford Univ. Press, 1983.

Monte, De la, et al.: “Systemic Actinomycosis Infection,” J. Amer. Med. Assn.,
248. 1876 (1982).

Robboy, S. J., and A. Vickery: “Distinguishing Actinomycosis and Nocardosis,”
New Eng. J. Med., 282, 593 (1970).

Scully, R. E., et al., Editors: “Actinomyces israelii (Case 29-1990),” N. Eng. J.
Med., 183 (July 19, 1990).

Scully, R. E., et al., Editors: “Pelvic Actinomycosis (Case 10-1992),” N. Eng. J.
Med., 692 (March 5, 1992).

Ann C. Vickery, Ph.D., Assoc. Prof., College of Public Health,
University of South Florida, Tampa, Florida.



ACTINON. The name of the isotope of radon (emanation), which oc-
curs in the naturally-occurring actinium series (see Chemical Ele-
ments; Radioactivity), being produced by alpha-decay of actinium X,
which is itself a radium isotope. Actinon has an atomic number of 86,
amass number of 219, and a half-life of 3.92 seconds, emitting an alpha
particle to form polonium-215 (Actinium A).

ACTION. The action of a dynamical system is the space integral of
the total momentum of the system. Specifically, if r; is the position
vector of the jth particle of the system, t, is its time rate of change, and
m, is the mass, the action for the path going from P, to P, is

P2 .
J > mx; - dr;
PI

where the integral is taken along the actual path from P; to P,. The
integral can be shown to reduce to the form
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where Ey is the total kinetic energy of the system and ¢, and ¢, are the
times at which the system is in positions P; and P, respectively. See
Least Action (Principle of).

ACTION CURRENT. The local flow of current into the depolarized
region of the cell membrane during the generation of the action poten-
tial. Since the flow of current from adjacent regions is an outward cur-
rent—namely, a depolarizing current—under normal conditions it
serves to depolarize the cell membrane in such regions beyond the
threshold. By repetition of this process in successive regions, a self-
propagated depolarization of the membrane sweeps along the nerve fi-
ber. The nerve impulse is thus a consequence of the local action cur-
rents.

ACTION POTENTIAL. A characteristic variation in the membrane
potential (i.e., potential across cell membrane) of excitable cells when
the cell is stimulated. The potential falls rapidly in time toward zero,
“overshoots,” making the inside positive for a brief interval of time, and
finally returns to the resting state. In many nerve and muscle cells, the
duration of the action potential is found to be fractions of a millisecond
to several milliseconds (see figure). The action potential is triggered by
a depolarizing current when the membrane potential falls to the thresh-
old level. See Action Current.

+ - "'Overshoot™

0

Resting

Membrane
Potenﬁal_

Time in millisecond

Action potential.

The action polarization is of particular interest in the passage of an
impulse along a nerve fiber. At rest, the interior of a nerve fiber is
negative to the exterior, with a potential difference of 50 to 100 mil-
livolts; stimulation of the nerve sets up a negative wave of 70 to 100
millivolts, lasting one millisecond, followed by a brief refractory period
during which further stimulation is ineffective. The record of such a
change, as shown by a sensitive galvanometer, exhibits a characteristic
sharp spike. Somewhat similar changes accompany muscular contrac-
tion. The study of action potentials has much practical importance e.g.,
electrocardiography, electroencephalography, and electromyography.
See also Nervous System and The Brain.

ACTION SPECTRUM. A graph of the amount of biological re-
sponse produced by incident light as a function of wavelength. Thus,
one might construct a dose-response curve for each wavelength of light
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used in the inactivation of an enzyme by ultraviolet light. The relative
efficiency with which the inactivation is produced plotted versus wave-
length of the incident light is the action spectrum for the inactivation of
that enzyme.

ACTIVATED CARBON. See Adsorption Operations; Decoloriz-
ing Agent.

ACTIVATION. 1. The transformation of any material into a more
reactive form, or into a form in which it functions more effectively, as
in the regeneration of a metallic or inorganic catalyst, the transforma-
tion of an enzyme from inactive form to active form, and the treatment
of various forms of finely-divided silica or carbon to render them more
adsorbent.

2. The transfer of a sufficient quantity of energy to an atomic or
molecular system to raise it to an excited state in which it can partici-
pate in a process not possible when the system is in its ground state.

3. In nuclear physics, the process of inducing radioactivity through
neutron bombardment or by other types of radiation.

ACTIVATION ENERGY. 1. The excess energy over the ground
state which must be acquired by an atomic or molecular system in order
that a particular process may occur. Examples are the energy needed by
the molecule to take part in a chemical reaction, by an electron to reach
the conduction band in a semiconductor, and by a lattice defect to move
to a neighboring site.

In the first example cited, the rate of an elementary chemical reaction
can usually be expressed as a product of a function of the concentra-
tions of the participants and of a rate constant. This latter can be written
as 4 exp(—E,/kT), where k is the Boltzmann constant; T, the absolute
temperature; 4, a frequency factor that varies slowly with the activation
energy E,, which appears in the exponential. It is the minimum height
of the potential barrier that must be crossed when one follows the reac-
tion coordinate from the reactants to the products. The figure illustrates
four typical situations. It is to be noted that it is only in case (a) that £,
is equal to the energy of the reaction.

(©)

Activation energy. Variation of the energy along the reaction coordinate for two
endothermic (a) and (b) and two exothermic (c) and (d) reactions. E, is the acti-
vation energy.

2. If a liquid is regarded as an imperfect solid, the yielding to an
applied shear stress takes place at a rate that depends on the frequency
with which molecules leave their positions in the imperfect crystal lat-
tice. The variation of this frequency with temperature is described by
the energy required for an interchange of a molecule between the lattice
and the free volume in the liquid. If this activation energy is linearly
dependent on temperature at constant pressure, the slope of the log, m
: 1/kT plot gives the activation energy for liquid flow at low tempera-
tures, where 1) is viscosity; k, the Boltzmann constant; and T, the abso-
lute temperature.

ACTIVATOR. A substance that renders a material or a system reac-
tive; commonly, a catalyst. 2. A special use of this term occurs in the
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flotation process, where an activator assists the action of the collector.
3. An impurity atom, present in a solid, that makes possible the effects
of luminescence, or markedly increases their efficiency. Examples are
copper in zinc sulfide, and thallium in potassium chloride. See also
Enzyme.

ACTIVE CENTER. Atoms which by their position on a surface,
such as at the apex of a peak, at a step on the surface or a kink in
a step, or on the edge or corner of a crystal, share with neighboring
atoms an abnormally small portion of their electrostatic field and,
therefore, have a large residual field available for catalytic activity or
for adsorption.

ACTIVE DEPOSIT. The name given to the radioactive material that
is deposited on the surface of any substance placed in the neighborhood
of a preparation containing any of the naturally occurring radioactive
chains (uranium, thorium, or actinium chains). This deposit results
from deposition of the nongaseous products of the gaseous radon nu-
clides that have escaped from the parent substance. An active deposit
can be concentrated on a negatively charged metal wire or surface
placed in closed vessels containing the radon. See also Radioactivity.

ACTIVE MASS. Mass per unit volume, usually expressed in moles
per liter (a concentration factor).

ACTIVE TRANSPORT (Cell). See Cell (Biology).

ACTIVITY COEFFICIENT. A fractional number which when
multiplied by the molar concentration of a substance in solution
yields the chemical activity. This term provides an approximation of
how much interaction exists between molecules at higher concentra-
tions. Activity coefficients and activities are most commonly obtained
from measurements of vapor-pressure lowering, freezing-point de-
pression, boiling-point elevation, solubility, and electromotive force.
In certain cases, activity coefficients can be estimated theoretically.
As commonly used, activity is a relative quantity having unit value in
some chosen standard state. Thus, the standard state of unit activity
for water, a,,, in aqueous solutions of potassium chloride is pure lig-
uid water at one atmosphere pressure and the given temperature. The
standard state for the activity of a solute like potassium chloride is
often so defined as to make the ratio of the activity to the concen-
tration of solute approach unity as the concentration decreases to
zero.

ACTIVITY (Radioactivity). The activity of a quantity of radioactive
nuclide is defined by the ICRU as AN/At, where N is the number of
nuclear transformations that occur in this quantity in time Az. The sym-
bol A preceding the letters N and ¢ denotes that these letters represent
quantities that can be deduced only from multiple measurements that
involve averaging procedures. The special unit of activity is the curie,
defined as exactly 3.7 X 10'° transformations per second. See Radio-
activity.

ACTIVITY SERIES. Also referred to as the electromotive series or
the displacement series, this is an arrangement of the metals (other
elements can be included) in the order of their tendency to react with
water and acids, so that each metal displaces from solution those be-
low it in the series and is displaced by those above it. See accompa-
nying table. Since the electrode potential of a metal in equilibrium
with a solution of its ions cannot be measured directly, the values in
the activity series are, in each case, the difference between the elec-
trode potential of the given metal (or element) in equilibrium with a
solution of its ions, and that of hydrogen in equilibrium with a so-
lution of its ions. Thus in the table, it will be noted that hydrogen has
a value of 0.000. In experimental procedure, the hydrogen electrode
is used as the standard with which the electrode potentials of other
substances are compared. The theory of displacement plays a major
role in electrochemistry and corrosion engineering. See also Corro-
sion; and Electrochemistry.

STANDARD ELECTRODE POTENTIALS (25°C)

Reaction Volts
Lit + e <Li —3.045
K* +e” -~K —-2.924
Ba?" + 2e” ~Ba -2.90
Ca?* + 2e” ~Ca —-2.76
Na* + e~ —Na =2.711
Mg?* + 2e” Mg —2.375
APT + 3¢~ —Al —-1.706
2H,0 + 2¢” —H, + 20H" ~0.828
Zn*t 4 2e” ~Zn —0.763
Cr’* + 3e” ~Cr —0.744
Fe** + 2¢” —Fe —-041
Cd?* + 2¢” ~Cd -0.403
NiZ* + 2e” —Ni -0.23
Sn?t + 2e” ~Sn -0.136
Pb?* + 2e” —Pb —-0.127
2H* + 2e” -H, 0.000
Cu?t + 2e” ~Cu +0.34
I, + 2e” 21" +0.535
Fe3* + e —Fe?? +0.77
Agt +e” —Ag +0.799
Hg?t + 2e” —Hg +0.851
Br, + 2e” —2Br +1.065
0, + 4H* + de” —2H,0 +1.229
Cr,02 + 14H* + 6~ =2Cr* + TH,0 +1.33
Cly(gas) + 2e” ~2Cl +1.358
AWt + 3e” ~Au +1.42
MnO; + 8H* + Se=  —Mn?* + 4H,0 +1.491
F, + 2e” —2F~ +2.85

ACTUATOR (Control System). An actuator is that portion of a final
control element in a control system that furnishes the power to change
and/or to maintain the valve plug position in response to a signal re-
ceived from the automatic controller. In some applications, the actuator
may position elements other than a valve, such as a louver, damper, or
pump speed governor. Actuators may be grouped into several catego-
ries: (1) mechanical, (2) pneumatic, (3) hydraulic, and (4) electric. The
handwheel on a valve is the simplest form of mechanical actuator. A
simple spring-return diaphragm actuator is an example of a pneumatic
actuator. Oil-operated cylinders are hydraulic actuators. Motor-oper-
ated and solenoid actuators fall into the electrical category. Combina-
tion forms include electrohydraulic and electropneumatic actuation.
Actuators generally mount directly on the valve body. See Final Con-
trol Element; Valve (Control).

The foregoing types of actuators are those generally used in the auto-
mation of fluid (gas and liquid) processes common in the petroleum,
chemical, and allied manufacturing industries. Although also used to
some extent in the discrete-piece manufacturing industries, such as
metals fabrication and assembly (as typically found in the automotive,
aircraft, electrical, and mechanical equipment manufacturing indus-
tries, among others), the final controlling actuators frequently take
other forms, such as robots and mechanized placement devices. See
Automation.

ACUTE (Medical). Having a rapid onset, severe symptoms, and a
relatively short duration; not chronic.

ACYL. An organic radical of the general formula, RCO—. These
radicals are also called acid radicals, because they are often produced
from organic acids by loss of a hydroxyl group. Typical acyl radicals
are acetyl, CH;CO—, benzyl, C¢H;CO—, etc.

ACYLATION. A reaction or process whereby an acyl radical, such
as acetyl, benzoyl, etc., is introduced into an organic compound. Re-
agents often used for acylation are the acid anhydride, acid chloride, or
the acid of the particular acyl radical to be introduced into the com-
pound.



ADAMANTINE COMPOUND. A compound having in its crystal
structure an arrangement of atoms essentially that of diamond, in which
every atom is linked to its four neighbors mainly by covalent bonds. An
example is zinc sulfide, but it is to be noted that the eight electrons
involved in forming the four bonds are not provided equally by the zinc
and sulfur atoms, the sulfur yielding its six valence electrons, and the
zinc, two. This is the structure of typical semiconductors, e.g., silicon
and germanium.

ADAPTATION (Ecology). The process of modification of the living
organism to adjust it to the conditions of its environment. Also, an in-
herited character that enables the organism to meet certain environ-
mental conditions.

All living things are adapted for a mode of life characteristic of their
kind, under equally characteristic environmental conditions. They re-
ceive from previous generations a heritage that fits them for this mode
of life, and all characters in the hereditary complex that are of definite
use are adaptive. Wings, for example, are essential flight adaptation,
and fins or other similar appendages are commonly found as adapta-
tions for swimming.

Regardless of its adaptive heritage, however, each individual encoun-
ters some fluctuations in its environment to which it must adjust itself.
The resulting changes in its body are adaptive, no less than its inherited
structures. They are the acquired characters of biological literature, and
have also been called individual adaptations. Human beings commonly
experience two fine examples of this kind of adaptation in the calluses
formed by the skin in response to friction, and the deposition of pig-
ment, or tanning, as a protection against excessive ultraviolet light. A
less evident result of exposure to ultraviolet light is a protective thick-
ening of the epidermis, probably as important as the accompanying in-
crease in pigmentation. It is interesting to note that the dark-skinned
natives of central Africa, for example, do not sunburn as easily as per-
sons with light-colored skin.

Although of different species, it is interesting to note that animals
and plants from different parts of the earth often appear to be related as
the result of certain adaptations to a given regional environment. The
resemblance of cacti which are prevalent in the deserts of the New
World, but unknown in the deserts of Africa, nevertheless look very
much like the euphorbias found in Africa. Botanically they are unalike.
The cava found in the Argentine pampas is related to the guinea pig,
although its resemblance to the jack rabbit of similar grassland environ-
ment in North America is indeed striking. Adaptation of this type is
referred to as convergent adaptation.

These adptations have long been recognized, bringing about a series
of generalizations which usually apply with few exceptions. For exam-
ple, Gloger’s rule states that cold dry climates encourage light colora-
tions in animals whereas warm and moist climates encourage darker
colors. Allen’s rule states that parts protruding from the body tend to be
shorter in colder climates (long noses are not found among the natives
of cold central Asia, for example). Bergmann’s rule states that individu-
als tend to be smaller in warmer climates.

ADAPTIVE CONTROL. A closed-loop control system in which
system performance is monitored in relation to what might be termed
an index of performance. Adaptive control is a sophisticated improve-
ment, in most cases, of what might be called conventional control sys-
tems which employ feedback and sometimes feedforward concepts.
Prior to considering adaptive control, some readers may wish to turn to
the entry on Control System (Automatic) for a fundamental review of
the principles of automatic control. Reduced to basics, adaptive control
is, in essence, a superimposition of an additional measurement and de-
cision-making system for “controlling the controller.” Thus, adaptive
systems are sometimes called “self-tuning” controllers. An example is
in order to illustrate why this additional control system complication is
sometimes needed.

Consider a heat exchanger that uses saturated steam to heat water that
flows through its tube bundle. A simple controller will sense the outlet
water temperature and attempt to position the steam valve so that the
actual water temperature will equal the desired water temperature. This
system, however, will not accommodate the nonlinearities in the steam
valve and possible changes in stream pressure. A cascade controller is
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a partial approach to adaptive control and is described in entry on Cas-
cade Control. In our heat exchanger example, a cascade control system
will use a slower-acting temperature controller, not to directly control
the steam supply valve, but rather to adjust the set point of a faster-act-
ing steam controller. In this example, one controller is superimposed
over another controller.

Unfortunately, a fixed-parameter temperature controller encounters
difficulties because of the nonlinear, time-varying behavior of the proc-
ess. For example, a change in water flow rate changes the effective de-
lay time and heat transfer characteristics of the process. Gradual fouling
of the heat exchanger tubes also changes the process dynamics over
time. As a result, good control performance at one operating condition
can give way to very poor performance (overdamped or unstable re-
sponse) at another operating condition.

In adaptive control, a method must be provided for the system to
change parameters automatically within the closed loop. Auxiliary con-
trol variables are measured and evaluated with the objective of modify-
ing the principal control functions so that selected control system per-
formance criteria or indexes can be better realized. Adaptive control is
similar to optimal control, in that various parameters are changed as a
function of time. Adaptive control differs from optimal control in that
parameters in the model of the process are to be evaluated on-line.
Thus, adaptive control combines control with the solution of the iden-
tification problem. The resulting control may or may not be optimal. In
particular, adaptive control is useful in cases where the process dynam-
ics are not fully defined or change with time.

Professional thinking in terms of adaptive control of processes and
machines has been revised, particularly during the late 1980s as the
result of introduction of microprocessors and minicomputers to the
hardware of automatic control. Adaptive control is part of a family of
concepts that fall under the general umbrella term of expert systems or
smart controllers. Some of the rudimentary concepts of artificial intel-
ligence (AI) may be involved. See entry on Artificial Intelligence.

Fundamental to the consideration of adaptive control are: (1) suffi-
cient betterment in control performance must be obtainable to justify the
additional computation required, often extensive, (2) the state variables
or the model parameters that are to be evaluated must be observable di-
rectly or indirectly, (3) where parameters are not directly computable
from measured signals, there must be sufficient variation on inputs to
permit the estimation of these parameters by their influence, and (4) the
dynamics of the system must be such that the parameters can be evalu-
ated in a time that is reasonable based upon their rate of change. The
fundamental operation of adaptive control is shown in Fig. 1.

Model
corrector

Process X
model

Controller
update

Controller

Process

Fig. 1. Hierarchical control structure (x, state factor, x*, new state factor, 4, con-
trol factor; z, z-transform)
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The basic concepts can be demonstrated by use of a model-adaptive
system, such as shown in Fig. 2. In the model-adaptive system, the
controlled variable ¢ is compared with the model output c,. The dif-
ference in the two signals is a measure of performance or perform-
ance error. Control parameters are adjusted as a function of the per-
formance error to bring the controlled variable to the desired value.
One advantage of this type of system is the independent operation of
the adaptive and main control loops. Operation of the main control
loop can be maintained in event of a failure in the adaptive loop. The
complexity of adaptive systems is a major disadvantage in many prac-
tical applications. Because of the feedback, which is a part of all
closed-loop systems, there is a problem of stability against oscillation.
Various forms of Nyquist criteria may be applied in the design of
closed-loop systems to ensure satisfactory performance from the
standpoint of stability.

A

Y

System Cq | Measuring
model unit

Performance
analyzing
elements
Parameter
adjust signal ‘ u
3
; Directly c
Controlling controlled \d
elements system
Feedback | g
elements

Fig. 2. Model adaptive system.

The adaptive concept as applied to a 2-axis milling machine is shown
in Fig. 3. T he cutter velocity signal w and torque signal 7 are used in a
simple multiplier to obtain a signal proportional to the power delivered
to the workpiece by the cutter. From a previously determined relation-
ship between cutter power and workpiece feed rate (axis velocity), a
model signal that is useful in determining maximum cutter deflection

]

Fig. 3. Variables involved in adaptive control system for a 2-axis milling ma-
chine.
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Fig. 4. Adaptive control system for milling machine.

is obtained. This signal is used to modify position-loop command (axis
velocity) for optimum conditions of stock removal. The adaptive con-
trol loop for a milling machine is shown in Fig. 4.

Adaptive control as applied to the heat balance problem of a
semibatch reactor is shown in Fig. 5. Reactant gas A is added to liquid
B to make liquid product C, also with the production of liquid by-prod-
uct D. For maximum yield of C, it is desirable to operate the reactor near
the batch freeze point. The setpoint of the temperature control loop
must be adjusted to follow the freeze point. The freeze point increases
with changing chemical composition during the batch. As shown, an
analog computer is used to compute the incoming flow and thus deter-
mines the freeze point of the batch system to be used as the setpoint of
the temperature controller. A different approach to the problem is
shown in Fig. 6. This system does not depend upon external data.
Rather, the adaptive control signal which controls the primary loop gain
is obtained from analysis of the error signal. The signal is separated into
high and low components, multiplied by a ratio factor, combined, and
then passed through a filtering and integrating network. A system of
this type may be designed for universal purposes and thus the perform-
ance characteristics and reliability may not be expected to compete with
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Fig. 5. An adaptive control approach to heat-balance problem of a semibatch
reactor.
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Fig. 6. Adaptive control approach to heat-balance problem based upon analysis
of error signal.

the programmed controller, inasmuch as the latter is specifically de-
signed for the particular process.

ADDAX (Mammalia, Artiodactyla). A screw-horned antelope, Addax
nasomaculatus, of northern Africa and Arabia.

Built like a reindeer, these animals have a short neck, long rump,
medium-long sturdy legs, and a straight back, with the withers slightly
higher. The rather large head has a considerable tuft on the forehead,
especially in old males. The eyes are small and the preorbital glands
are not visible. The moderately thin horns, which slant backward and
up and slightly to the sides in large, flat spirals are almost round in
a crosscut. They have low, flat hooves with flat plantars (sole of foot)
which are not sectioned into balls. The round, thin tail has a short tas-
sel on the end. The winter coat is longer and rougher than the summer
coat.

Like the scimitar-horned oryx and the North African hartebeest, the
addax was kept semi-tame in large numbers in ancient Egypt. Accord-
ing to pictures from this time, addax stood in stables like goats. They
were fed out of troughs, led on a bridle, and were probably slaughtered
for cult purposes. Keepers developed special procedures for protection
against the pointed horns of the animal.

Since 1900 the addax has disappeared from Egypt, and even before
that time it had been exterminated in the north of Algeria, Tunisia,
Libya, and surrounding environs. Formerly, there were herds of hun-
dreds and thousands. They may go for weeks and even months without
water. Like camels, the walls of their stomachs are said to be trans-
formed into alveolar reservoirs for liquids. The animals are active in the
morning, evening, and night. In order to protect themselves against
strong winds and solar radiation, they dig holes with their front legs and
lie down in them.

Although in the past, addax antelopes were commonly kept in zoos,
this is now rare. Thus, the breeding groups in a comparatively few zoos
are important to the ultimate preservation of the species. In captivity,
the addax achieves a maximum age of about 18 years.

ADDER (Computer System). A digital circuit which provides the
sum of two or more input numbers as an output. A one-bit binary adder
is illustrated in the accompanying figure. In this diagram, 4 and B are
the input bits and C and C are the carry and no carry bits from the
previous position. There are both serial and parallel adders. In a serial
adder, only one adder position is required and the bits to be added are
sequentially gated to the input. See also Gate (Computer System). The
carry or no carry from the prior position is remembered and provided
as an input along with the bits from the next position. In a parallel ad-
der, all the bits are added simultaneously with the carry or no carry
from the lower-order position propagated to the higher position. In a
parallel adder, there may be a delay due to the carry propagation time.
See also Half-Adder.

An adder may perform subtraction as well as the addition of two
numbers. Generally, this is effected by complementing one of the num-

ADDISON’S DISEASE 39

A AND OR Cour
B ——]
c AND
AND
E -
A CLXU-4 INV M OR |0 suM.
8 SIVE
—]or
AND OR T
[ofu—
. AND
B ——

Binary adder.

bers and then adding the two factors. The following is an example of a
two’s-complement binary-subtraction operation.

(@ 0110 +6 (True)
(t) 1010 —6 (Complement)

10000 0 (True)

(b) 0101 +5 (True)
(+) 1010 —6 (Complement)

1111 -1 (Complement)
(c) 1111 (Complement)=—0001 (True)

The two’s complement of a binary number is obtained by replacing
all 1’s with 0’s, all 0’s with 1’s, and adding 1 to the units position. In (a)
above, 6 is subtracted from 6, and the result is all 0’s; the carry implies
that the answer is in true form. In (b), 6 is subtracted from 5, and the
result is all 1’s with no carry. The no carry indicates the result is in
complement form and that the result must be recomplemented as shown
in (c).

Thomas J. Harrison, International Business Machines
Corporation, Boca Raton, Florida.

ADDISON’S DISEASE. A disease caused by malfunction of the ad-
renal glands. It is characterized by a bronze color of the skin, prostra-
tion, anemia, disturbance of electrolyte metabolism, and diarrhea.
Many cases are believed to result from an autoimmune disorder, i.e., an
immune reaction by the body against some stimulus naturally present
within itself. Sometimes it is caused by involvement of the glands by
tuberculosis and other infections, metastatic tumors, or amyloidosis,
but the principal cause is primary adrenal failure.

Success in treating the disease in recent years has increased because
of the availability of cortisol or cortisone and also because of supple-
mentation with a sodium-retaining hormone to maintain the salt level
in the body. The availability of purified hormones has simplified the
treatment, where often each symptom can be alleviated with a corre-
sponding hormone. For example, there is a specific hormone responsi-
ble for maintaining the water and salt balance of the body. Past practice
has also included taking meals high in starch at fairly frequent intervals.

Recent studies by Sadeghi-Nejad and Senior have shown that, in chil-
dren, adrenoleukodystrophy is an additional, genetically determined,
rare cause of Addison’s disease. One form of adrenoleukodystrophy in
infants is transmitted as an autosomal recessive trait; the disorder in
older patients is sex-linked. Adrenoleukodystrophy is a peroxisomal
dysfunction, resulting in the impaired oxidation of very-long-chain
saturated fatty acids, mainly hexacosanoic acid. These fatty acids accu-
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mulate in the brain, adrenal glands, and other organs and are believed
to be responsible for the clinical manifestations of the disease.

The neurologic features of adrenoleukodystrophy include dementia
and deterioration of vision, speech, and gait.

Additional Reading

Edwards, C. R. W.: “Addison’s Disease” in Clinical Endocrinology, Besser and
Cudworth, Editors, Lippincott, Philadelphia, Pennsylvania, 1987.

Sadeghi-Nejad, A., and B. Senior: “Adrenomyeloneuropathy Presenting in Ad-
dison’s Disease in Childhood,” N. Eng. J. Med., 13 (January 4, 1990).

Schutgens, R. B,, et al.: “Peroxisomal Disorders: A Newly Recognized Group of
Genetic Diseases,” Eur. J. Pediatrics, 133, 430 (1986).

ADDITION. A fundamental operation for combining mathematical
terms. The symbol + is used to denote the operation. To perform the
operation of addition of two quantities x and y, it is necessary to identify
like terms. If x and y are polynomials in z, then like terms are the terms
in x and y containing z to the same power. For complex numbers, x = a
+ib,y=c+tid x+y=(a+c)+ib+ d). For fractions to have like
terms, one must use common denominators.
a ¢ ad

a,c_ad cb ad+ch

b d bd bd  bd
Frequently, common factors can be cancelled in the numerator and de-
nominator, e.g.,

L1 6+43_9_1
36 18 18 2
Addition consists of finding the algebraic sum of like terms. Eventu-

ally, one must use the same process as in arithmetic: determine the nu-
merical value of an addition by the addition tables for the base in use.

Donald R. Hodge, Alexandria, Virginia.

ADDITIVE COLOR PROCESS. An early system of color imagery
in which the color synthesis is obtained by the addition of colors one to
another in the form of light rather than as colorants. This color addition
may take place (1) by the simultaneous projection of two or more (usu-
ally three) color images onto a screen, (2) by the projection of the color
images in rapid succession onto a screen or (3) by viewing minutely
divided juxtaposed color images.

In the case of a three-color process, three color records are made
from the subject recording, in terms of silver densities, the relative
amounts of red, green and blue present in various areas of the subject.

When the additive synthesis is to be made by simultaneous projec-
tion, positives are made from the color separation negatives and pro-
jected with a triple lantern onto a screen through red, green and blue
filters. The registered color images give all colors of the subject due to
simple color addition, red plus green making yellow, red plus blue ap-
pearing magenta, etc.

When the additive synthesis is made by successive viewing, the
same three color images must be flashed onto the screen in such rapid
succession that the individual red, green and blue images are not ap-
parent. Simple color addition is again obtained but this time use is
made of the persistence of vision to “mix” the colors. See accompa-
nying diagram.
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Mechanism of color addition.

The third type of additive synthesis makes use of the fact that small
dots of different colors, when viewed from such a distance that they are
no longer individually visible, form a single color by simple color ad-
dition. The three color images in this type of process are generally side-
by-side in the space normally occupied by a single image. The red re-
cord image will be composed of a number of red dots or markings of
differing density which in their sum total will compose the red record
image. Alongside the red markings will be green and blue markings,
without any overlapping. When viewed at such a distance that the col-
ored markings are at, or below, the limit of visual resolution, the color
sensation from any given area will be the integrated color of the mark-
ings comprising the area—an additive color mixture.

ADDITIVE (Fuel). See Petroleum.

ADDITIVES (Food). The use of food additives is centuries old. One
of the earliest and still most widely practiced example is the addition of
common salt to foods, either by a food preparer or processor, or by the
consumer at the table. Normally, the food producing professionals and
the lay public do not view salt as a food additive, probably because salt
is regarded as a substance widely found in nature, and particularly in
seawater. Nevertheless within the last 10 to 20 years, there has been a
growing awareness that salt is truly an additive and to certain controlled
diets can have an adverse role as well as the numerous positive roles
that it plays in food processing and preservation.

The term food additive is most frequently associated with the more
complex substances, the presence or function of which the average
consumer seldom notes unless the package labels are read. Particu-
larly where additives contribute to the pleasure of the consumer, they
are commonly passed over unnoticed. By far, the majority of consum-
ers prefer breads that do not stale readily, salad dressings that do not
separate into layers after a period of shelf life, dairy products that do
not become rancid after a few days, and meats that retain their color
and wholesome appearance and taste after relatively long periods of
refrigeration. These food qualities, of course, are made possible be-
cause of the many advances over the years in food additive technol-
ogy.

Additives also contribute to the ease of processing and marketing
foods and, even though indirectly, have played a positive role in terms
of food transportation, distribution, and inventorying costs. Con-
versely, some additives in the past have been found to be damaging to
health. Some of the colorants formerly used, for example, have been
banned because of their carcinogenic qualities when tested in labora-
tory animals. Considering the vast quantities of additives used, the ma-
jority used to date have not been shown to be harmful.

Some government regulators, as in the United States, have estab-
lished a class of ingredients known as GRAS (Generally Recognized as
Safe) or by some similar designation. See GRAS.

There are tens of categories of food chemicals, most of which are
described in various entries throughout this encyclopedia. Consult the
following topics in the alphabetical index: Acidulants, alkalizers, anti-
caking agents, antimicrobial agents, antioxidants, bleaching agents,
bodying and bulking agents, buffers, carriers, clarifying agents, coating
agents, colorants (Annato food colors; anthocyanins; betalaines; ca-
rotenoids), enzyme preparations, firming agents, flavorings and flavor
enhancers and potentiators, humectants and moisture-retaining agents,
leavening agents, masticatory substances, oxidizing agents, pectins,
polymeric food additives, and sweeteners.

Dispersing, emulsifying, gelling, thickening, and stabilizing agents
are covered under Colloid System. Dough conditioners are described
under Oxidation and Oxidizing Agents. Nonnutritive sweeteners are
included in entry on Sweeteners.
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ADDRESS (Computer System). An identification, representated by a
name, label, or number, for a digital computer register, device, or loca-
tion in storage. Addresses are also a part of an instruction word along
with commands, tags, and other symbols. The part of an instruction
which specifies an operand for the instruction may be an address.

Absolute address or specific address indicates the exact physical
storage location where the referenced operand is to be found or stored
in the actual machine code address numbering system.

Direct address or first-level address indicates the location where the
referenced operand is to be found or stored with no reference to an
index register.

Indirect address or second-level address in a computer instruction
indicates a location where the address of the referenced operand is to
be found. In some computers, the machine address indicated can in it-
self be indirect. Such multiple levels of addressing are terminated either
by prior control or by a termination symbol.

Machine address is an absolute, direct, unindexed address expressed
as such, or resulting after indexing and other processing have been
completed.

Symbolic address is a label, alphabetic or alphameric, used to specify
a storage location in the context of a particular program. Sometimes
programs may be written using symbolic addresses in some convenient
code, which then are translated into absolute addresses by an assembly
program.

Base address permits derivation of an absolute address from a rela-
tive address.

Effective address is derived from applying specific indexing or indi-
rect addressing rules to a specified address.

Four-plus-one address incorporates four operand addresses and a
control address.

Immediate address incorporates the value of the operand in the ad-
dress portion instead of the address of the operand.

N-level address is a multilevel address in which N levels of address-
ing are specified.

One-level address directly indicates the location of an instruction.

One-plus-one address contains two address portions. One address
may indicate the operand required in the operation. The other may in-
dicate the following instruction to be executed.

Relative address is the numerical difference between a desired ad-
dress and a known reference address.

Three-plus-one address incorporates an operation code, three oper-
and address parts, and a control address.

Zero-level address enables immediate use of the operand.

Thomas J. Harrison, International Business Machines
Corporation, Boca Raton, Florida.

ADENINE. A prominent member of the family of naturally occur-
ring purines with the accompanying formula. Adenine occurs not only
in ribonucleic acids (RNA), and deoxyribonucleic acids (DNA), but
in nucleosides, such as adenosine, and nucleotides, such as adenylic
acid, which may be linked with enzymatic functions quite apart from
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nucleic acids. Adenine, in the form of its ribonucleotide, is produced
in mammals and fowls endogenously from smaller molecules and no
nutritional essentiality is ascribed to it. In the nucleosides, nucleo-
tides, and nucleic acids, the attachment or the sugar moiety is at po-
sition 9.
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The purines and pyrimidines absorb ultraviolet light readily, with ab-
sorption peaks at characteristic frequencies. This has aided in their
identification and quantitative determination.

ADENOMA. A benign tumor consisting of an encapsulated over-
growth of epithelial cells of a glandular structure. Adenomata may oc-
cur in the endocrine glands, the gastro-intestinal tract, the respiratory
system, the breast, and wherever glandular epithelium occurs. A malig-
nant adenoma is referred to as an adenocarcinoma.

ADENOSINE. Animportant nucleoside. The upper portion of the ac-
companying formula represents the adenine moiety, and the lower por-
tion of the pentose, D-ribose.

Structure of adenosine.

ADENOSINE PHOSPHATES. The adenosine phosphates include

adenylic acid (adenosine monophosphate, AMP) in which adenosine is

esterified with phosphoric acid at the 5'-position; adenosine diphos-

phate (ADP) in which esterification at the same position is with pyro-
phosphoric acid,

o)

Il Il

HO,—P—O—P—(OH),

and adenosine triphosphate (ATP) in which three phosphate residues

IR
HO,— P—O—P— O— P— (OH),
|
OH

are attached at the 5'-position. Adenosine-3'-phosphate is an isomer of
adenylic acid, and adenosine-2',3'-phosphate is esterified in two posi-
tions with the same molecules of phosphoric acid and contains the radi-
cal
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ADENOSIS. Any disease of a gland or glands.
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ADHARA (e Canis Majoris). Ranking twenty-second in apparent
brightness among the stars, Adhara has a true brightness value of 8,000
as compared with unity for the sun. Adhara is a blue-white, spectral
type B star and is located in the constellation Canis Majoris. Estimated
distance from the earth is 600 light years. See also Constellations.

ADHESION (Physics). The terms adhesion and cohesion designate
intermolecular forces holding matter together. The tendency of matter
to hold itself together or to cling to other matter is one of its most char-
acteristic properties. Adhesion and cohesion are merely different as-
pects of the same phenomenon, which is apparently of the nature of an
intermolecular attraction. One speaks of cohesion as an interaction be-
tween adjacent parts of the same body and as acting throughout the
interior of its substance, while adhesion refers to a similar interaction
between the closely contiguous surfaces of adjacent bodies.

In the case of solids, the experimental study of adhesion and cohe-
sion, in which two solids are brought into intimate contact, can depend
on the nature of adsorbed gases. For clean surfaces it is necessary to
carry out the experiments in “ultra high vacuum™ at pressures better
than 107! torr.

There is reason to believe that as two neutral molecules or atoms
approach each other, their mutual potential energy reaches a minimum
value at a certain equilibrium distance; so that work would be necessary
either to push them closer or to pull them farther apart, because of
forces which are probably electrical. See Least Energy Principle. The
distribution of molecules, ions, or atoms in a solid is determined by this
type of equilibrium, and the regular spacing of crystal structure and the
architecture of the molecule itself are dependent upon it. Any force
tending to diminish the equilibrium distance meets with the rapidly in-
creasing reaction of compressive elasticity, while any force tending to
increase it is opposed by cohesion, which increases at first and then
rapidly diminishes toward zero as the point of fracture is reached.

The behavior of bodies which are aggregates of crystals or of fibers
is complicated by the friction and the adhesion of the adjacent particles,
so that the ultimate strength of a material is not a safe measure of its
true cohesion. A filament of spun quartz may be much stronger when
freshly drawn than later when crystallization replaces its initial cohe-
sion by the adhesion between separate crystals; and yarn is not nearly
so strong as the cotton or wool fiber composing it.

Adhesion increases with closenss of contact. This explains why one
must bear down with a pencil to make a mark on paper, why fine dust
adheres more firmly than coarse sand, and why a liquid or a gum usu-
ally sticks to a solid better than another solid does.

Cohesion in liquids is usually less, and in gases it is always much
less, than in solids. Aside from the pressure in liquids due to external
causes, there is presumably a very great internal or intrinsic pressure,
due to intermolecular attraction, but not capable of direct measurement
by means at our disposal. The clearest evidences of its existence are the
work required for thermal expansion and the phenomenon of surface
tension.

Very practical aspects of materials adhesion are encountered in the
bulk materials processing industries. Two common terms are used—
arching and flushing. Both properties are associated with what is
known as the angle of repose. See also Repose (Angle of). Many ma-
terials, such as lampblack, activated carbon, zinc oxide, titanium oxide,
fine soda ash, and hydrated lime, among many others, tend to arch when
placed in containing vessels such as hoppers. Materials above the arch
are held back and consequently interfere with the unloading of the hop-
per and thus prevent uniformity of solids-flow, as required by most con-
tinuous processes. Arching is best overcome by keeping the individual
solid particles constantly in motion. Electric vibrators are commonly
used for this purpose. Very few materials are crushed or pulverized so
well that all particles are of approximately equal size. In the absence of
hopper vibration, the smaller particles and fines tend to segregate and
roughly collect in a center cone, while the larger particles roll to the
side. Thus, the fines drop out first, while the larger particles discharge
later, the end result of which is formation of an arch. Flushing is caused
by the sudden breaking of an arch or otherwise clogged state. Thus,
vibration also helps to eliminate flushing.

In a very interesting article, Jearl Walker (Sci. Amer., January 1982,
pp. 174-179) explains in some detail the differences between sand cas-

tles and mudpies. The author explains why sand castles disintegrate
when they dry and mud pies do not! Also, why mud pies shrink when
they dry, and sand castles do not!

ADHESION (Work of). The work of adhesion W, between two lig-
uids A and B is the increase in free surface energy on separating 1 cm?
of interface AB

Wie = Y4+ Y5~ Van

where v, and v; are the surface tensions of A and B respectively against
their vapors, and v 5 is the interfacial tension. For a solid-liquid inter-
face the work of adhesion Wy; is defined as the work required to sepa-
rate 1 cm? of interface in a vacuum to give a naked solid surface

Ws =vs+ v~ Vs

where vy and v, are the surface tensions measured in a vacuum.
It may be shown that

Ws =5 = Ysro T v, (1 + cos 6p)

where vy, is the surface tension of the solid covered by an absorbed
film of liquid in equilibrium with the vapor, and 6 is the equilibrium
contact angle.

ADHESIVES. Materials or compositions which enable two surfaces
to become united are known as adhesives. Years ago the terms adhesive
and glue were considered synonymous, but the general term glue now
implies a sticky substance, whereas many adhesives are not sticky. Ad-
hesives may be broadly classified into two main groups; organic and
inorganic adhesives with the organic materials being subdivided into
those of animal origin, vegetable origin, and synthetic origin. A more
useful classification is one based on the chemical nature of the adhe-
sive. Such a chemical classification comprises (1) protein or protein
derivatives, (2) starch, cellulose, or gums and their derivatives, (3) ther-
moplastic synthetic resins, (4) thermosetting synthetic resins, (5) natu-
ral resins and bitumens, (6) natural and synthetic rubbers, and (7) inor-
ganic adhesives.

See also Epoxy Resins.

Adhesives Advancements. During the early 1990s, adhesives are
continuing to play an ever-increasing role as an engineering material
for joining parts and pieces, even in industries where, traditionally,
joining processes have been essentially synonymous with welding, sol-
dering, brazing, and other metal-joining techniques. The greater use of
lower-gauge sheet metal has made it increasingly difficult to control
spot welding, and this has forced engineers to turn to other joining tech-
niques. The engineering of composite materials has been made possible
in thousands of instances because of the availability of a wide variety
of adhesive materials. The trend toward the greater use of adhesives
also has been prompted by the continued replacement of metal parts by
plastic materials, as exemplified by the automotive and appliance
manufacturers.

Thermoplastic hot-melt adhesive has grown at a pace exceeding that
of other adhesive categories, mainly because of the simplicity of the
fast heat-and-stick process, with no need to mix multiple components
in critical ratios. However, for some applications they have been limited
by low cohesion (strength within the adhesive itself) and by tempera-
ture limitations of gun-applied material (maximum, 230°F; 110°C).
These limitations have been overcome by the reactive hot-melts. These
newer materials have a number of advantages: (1) higher-temperature
performance (up to 400°F; 204°C); (2) improved chemical resistance,
including the ability to withstand numerous solvents, plasticizers, and
boiling water; (3) longer open time (1 to 3 minutes) for positioning
parts during application; and (4) lower application temperatures (200°
to 300°F; 93° to 149°C), as compared with earlier hot-melt adhesives.

Epoxies, commonly used for years in aircraft manufacture for bond-
ing thin aluminum sheet and honeycomb materials, have been subjected
to extensive research in recent years. Much effort has been directed
toward curing epoxy bonds, including the development of an ultraviolet
laser curing process.

Much research has been directed toward improving one-component
adhesives. Film adhesives are available that confer electrical conductiv-



ity as well as joint strength for integrated circuit chip bonding. Film
adhesives now confer electrical conductivity as well as joint strength.
Over the past decade, the automotive industry has highlighted applica-
tion research in the interest of achieving improved, simpler, and lighter-
weight bonds in automobile and truck manufacture.

Approximate Classification of Adhesives. Adhesives may be clas-
sified according to the purpose for which they are intended or by the
constitution of their ingredients.

In terms of uses, there are (a) for bonding rigid surfaces, such as
wood, glass, porcelain, rigid plastics, or metal, and (b) for bonding flex-
ible surfaces such as paper, textiles, leather, flexible plastics, thin me-
tallic sheets, and the like. In the latter category it is necessary that the
adhesive have as high a degree of flexibility as the less flexible of the
bonded surfaces.

The protein and protein derivative adhesives include those made
from casein, zein, soybean proteins, and other proteins and the very
important groups of glues made from hides, bones, etc., fish glues from
fish offal, and those from blood albumen.

The group of adhesives made from materials such as starch and the
vegetable gums are also known as vegetable adhesives or glues. They
comprise the adhesives made from starch and processed starch, the
dextrins, and the water soluble gums such as gum arabic, ghatti, tra-
gacanth, Indian gum and the like. These are water soluble or water sus-
pendable materials. The starch and dextrin products are used for the
bonding of paper, wood, and textiles; the gum products are used as ad-
hesives for paper, postage stamps and other stamps, and for miscel-
laneous items.

Cellulose adhesives are principally cellulose derivatives such as
methylcellulose, ethylcellulose, cellulose acetate and nitrate, and so-
dium carboxymethyl cellulose. These products are used as components
in adhesive compositions such as those used for the bonding of leather,
cloth, paper, and many other materials.

Thermoplastic synthetic resin adhesives comprise a variety of po-
lymerized materials such as polyvinyl acetate, polyvinyl butyral, poly-
vinyl alcohol, and other polyvinyl resins; polystyrene resins; acrylic
and methacrylic acid ester resins; cyanoacrylates; and various other
synthetic resins such as polyisobutylene, polyamides, coumarone-in-
dene products, and silicones. Such thermoplastic resins usually have
permanent solubility and fusibility so that they creep under stress and
soften when heated. They are used for the manufacture of tapes, safety
glass, and shoe cements and for the bonding of foils, metals, woods,
rubber, paper, and many other materials.

Thermosetting synthetic resin adhesives comprise a variety of phe-
nolaldehyde, urea-aldehyde, melamine-aldehyde, and other condensa-
tion-polymerization materials like the furane and polyurethane resins.
Thermosetting adhesives are characterized by being converted to insol-
uble and infusible materials by means of either heat or catalytic action.
Adhesive compositions containing phenol-, resorcinol-, urea-, mela-
mine-formaldehyde, phenolfurfuraldehyde, and the like are used for the
bonding of wood, textiles, paper, plastics, rubbers, and many other ma-
terials.

The adhesives of the natural resin and bitumen group consist of those
made from asphalts, shellac, rosin and its esters, and similar materials.
They are used for the bonding of various materials including minerals,
linoleum, and the like.

There are a number of different types of rubber adhesives. Some are
simply solutions of rubber latex, rubber, or synthetic and modified rub-
bers in a solvent, and others are compositions consisting of one of the
aforementioned and casein or a synthetic resin. Such compositions are
very widely used from the bonding of flexible materials like paper, tex-
tiles, leather and rubber to rigid materials like metals and plastics.

The inorganic adhesives are a very important group. They comprise:
sodium silicate principally used for corrugated paper and other paper
products, laminating metal foils, plywood bonding, and in the produc-
tion of building and insulating boards; plaster of paris for ceramic and
similar products; magnesium oxychloride for ceramics; litharge-glyc-
erin for joints in plumbing fixtures; and Portland cement for bonding
mineral aggregates. See also Silicates (Soluble).

While it has been convenient to put the various types of materials
from which adhesives are made into groups, many adhesive composi-
tions are made of substances or materials from a number of groups.

In this connection it should be noted that the term cement is often
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used as a synonym for adhesive. A cement is a particular kind of adhe-
sive which consists of any material that can be prepared in a plastic
form which hardens to bond together various solid surfaces.

An excellent review of “Adhesive Bonding” is contained in the Mod-
ern Plastics Encyclopedia, issued annually by Modern Plastics,
Pittsfield, Massachusetts.

ADIABATIC. Occurring without gain or loss of heat by the system
involved: for example, adiabatic expansion. A completely adiabatic
process is unrealizable, but it can be closely approximated in practice
by providing good thermal insulation and by carrying out the process
rapidly so that little time is allowed for heat flow in or out of the system.
If a thermally isolated system moves through a series of equilibrium
states, i.e., undergoes an adiabatic and reversible process, the locus of
the points representing these states on a graph is called an adiabatic or
adiabat. The present tendency is to avoid this usage of adiabatic to
mean isentropic. See Adiabatic Process.

ADIABATIC PROCESS. Any thermodynamic process, reversible or
irreversible, which takes place in a system without the exchange of heat
with the surroundings. When the process is also reversible, it is called
isentropic, because then the entropy of the system remains constant at
every step of the process. (In older usage, isentropic processes were
called simply adiabatic, or quasistatic adiabatic; the distinction between
adiabatic and isentropic processes was not always sharply drawn.)
When a closed system undergoes an adiabatic process without per-
forming work (unresisted expansion), its internal energy remains con-
stant whenever the system is allowed to reach thermal equilibrium.
Such a process is necessarily irreversible. At each successive state of
equilibrium, the entropy of the system S,, has a higher value than the
initial entropy, S;. Example: When a gas at pressure p,, temperature T,
occupying a volume ¥ (see Fig. 1) is allowed to expand progressively
into volumes ¥V, = ¥V, + AV, etc., by withdrawing slides 1, 2, etc., one
after another, it undergoes such a process if it is enclosed in an adiabatic
container. After each withdrawal of a slide, the irreversibility of the
process causes the system to depart from equilibrium; equilibrium sets
in after a sufficiently long waiting period. At each successive state of

equilibrium U, = U, = - - - = Uy, but §, < §; < §,, etc.
1 2 3 4
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Fig. 1. Successive adiabatic expansions of gas by withdrawing slides.

When an open system in steady flow undergoes an adiabatic process
without performing external work, the enthalpy of the system regains
its initial value at each equilibrium state, and the entropy increases as
before. Example: Successive, slow expansions through porous plugs
P,, P, - - - (Fig. 2), when we have

H=H=-=H
but
S < 8) < 8, etc.

This process is also necessarily irreversible.

A B 5
s ~=
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Fig. 2. Successive, slow adiabatic expansions of gas through porous plugs.
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Fig. 3. Isentropic compression (or expansion) in cylinder.

A closed system cannot perform an isentropic process without per-
forming work. Example (Fig. 3): A quantity of gas enclosed by an ideal,
frictionless, adiabatic piston in an adiabatic cylinder is maintained at a
pressure p by a suitable ideal mechanism, so that G/ = p4 (4 being the
area of piston). When the weight G is increased (or decreased) by an
infinitesimal amount dG, the gas will undergo an isentropic compres-
sion (or expansion). In this case,

S = constant, as=0

at any stage of the process, but

U # constant, H # constant

During an isentropic process of a closed system between state 1 and
2, the change in internal energy equals minus the work done between
the two states, or

Uy-U =-Wj,

work is done “at the expense” of the internal energy.

ADIABATIC WALL. A perfect heat insulator. Since in a rigorous
development of the principles of thermodynamics it is necessary to in-
troduce the concept of an adiabatic wall before the concept of heat, it is
convenient to adopt the following alternative definition. If two closed
systems are place in contact through an adiabatic wall, their states can
be varied independently of one another. Any state of one system can
co-exist with any state of the other system through such a wall; the
systems are not coupled in any way. See Diathermal Wall. The number
of independent properties of the combined system is equal to the sum
of the number of independent properties of the component systems.

ADIPOSE FIN. See Fishes

ADOBE. An extremely fine-grained wind-blown clay particularly
characteristic of the arid and semi-arid southwestern United States,
Mexico, and South America. Used by the southwestern Indians and
Mexicans for huts and buildings from prehistoric times.

ADOLESCENCE (Physiology). The period of youth extending from
the beginning of puberty to adulthood. For human beings, this period
usually ranges between 12 and 20 years. Physical developments in ado-
lescence of the American male are shown in the accompanying chart.

Growth during the first 10 years of life proceeds at a fairly uniform
rate. The child’s desires usually keep pace with his ability to meet his
needs. However, during the adolescent or teenage period, there is dis-
harmony between physiological development, growth, and emotional
maturation. The teenager becomes a blend of maturity and immaturity
in body, mind, and emotion.

Puberty, which refers to the sexual maturation of the individual, is
only part of adolescence. Puberty and adolescence begin in the girl at
11 to 15 years of age. Boys lag about a year behind. The average age for
puberty in girls in the United States is around 13.5 years and, in boys,
14.5 years. Adolescence in most American youth terminates at about 19
years of age.

The first half of adolescence is characterized by physical growth
and change; the latter half brings more intellectual and emotional
changes.

Porgont PHYSICAL DEVELOPMENTS IN

ADOLESCENCE
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This chart portrays the percent of American males undergoing the indicated
changes in physical development at the various ages during adolescence.

Adolescent growth varies widely between individuals. Failure to re-
alize this may cause unnecessary anxiety to both parents and child.
Growth rate is influenced by the state of health and nutrition. Not only
is there variability in the growth of different individuals, but growth
within the single individual is not harmonious. Certain parts of the
body grow, while other parts lag behind. The child may grow tall with-
out putting on weight, or he may show more sexual maturity than ma-
turity of the digestive organs. This organ imbalance leads to organ in-
stability. Thus, laziness and awkwardness may result. In the average
boy, the period of greatest height increase is from about 12 to 14.5
years, although they continue to grow until about the age of 18. They
gain most of their weight between the ages of 13 and 16. Girls grow
tallest from about 10.5 to 14 years; maximum weight development is
from about ages 11.5 to 14.5. As much as 6 inches (15 centimeters) in
height and 25 pounds (11.3 kilograms) in weight may be gained within
a single year.

Puberty in the boy is marked by growth of the sexual organs and the
beginning of their function. Secondary sexual changes occur. His voice
deepens; his shoulders broaden; his muscles harden; his legs lengthen;
his hands and feet grow disproportionately large.

Arrival of the first menstrual period in a girl may be shocking and
frightening if she is improperly prepared for the event. Menstrual ir-
regularity and pain are common the first year or so, and are usually
without significance. The broadening of hips, development of breasts,
and appearance of pubic hair usually parallel the beginning of men-
struation, but are subject to wide variation. Both sexes are preoccupied
with their bodies and unable to take their growth for granted.

Obesity is often a problem in this period and may be a factor in de-
layed puberty. Whether the condition is the result of poor eating habits,
of emotional instability, or of endocrine dysfunction, it merits careful
investigation.

Physical maturity is reached when the body has its final height and
has assumed adult proportions. The secondary sexual characteristics
are fully developed, and the sexual functions have been established.

ADRENAL GLANDS. Part of the endocrine system, the adrenal
glands are two small bodies located at the upper end of each kidney. The
right adrenal gland is somewhat triangular in shape; the left gland is
more semilunar. These glands range in size, but on the average weigh
from 5 to 9 grams. Surrounding each gland is a thin capsule. There are
two parts—the cortex (external tissue) and the medulla (chromophil
tissue). These parts differ both in origin and function. In proportion to
total body weight, the adrenals are much larger at birth and weight
about 8 grams. In adults, proportionately, the adrenals are 1/20th the
size they are in infants. Most of the shrinkage in size and weight occurs
during the first year of life. The adrenals are well supplied with blood
and nerves.

While the adrenal glands perform a number of functions, the two
most important are: (1) Control of the body’s adjustment to an upright
posture; and (2) accommodation of the body to intermittent rather than



constant intake of food. The adrenals also participate importantly in the
regulation of electrolyte and water balance; the activity of lymphoid
tissue and the number of eosinophils circulating in the blood (see
Blood); the response to stress situations as may be encountered in in-
fection, anesthesia, surgery, and volume loss; and the secretion of hor-
mones. These hormones influence immune reactivity, blood cell forma-
tion, cerebral function, protein synthesis, and numerous other body
processes. See also Endocrine System; and Hormones.

Several serious problems occur when there is imbalance or dysfunc-
tion of the adrenal glands, as, for example, in hyperfunction of the ad-
renal cortex, which precipitates Cushing’s syndrome, of which there are
several sub-forms; in hypofunction of the adrenal cortex; in adrenal
neoplasms; and in pheochromocytoma.

Adrenal Cortical Hormones. The hormones elaborated by the adre-
nal cortex are steroidal derivatives of cyclopentanoperhydrophenan-
threne related to the sex hormones. The structural formulas of the im-
portant members of this group are shown in Fig. 1. With the exception
of aldosterone, the compounds may be considered derivatives of corti-
costerone, the first of the series to be identified and named. The C,,
steroids derived from the adrenal cortex and their metabolities are des-
ignated collectively as corticosteroids. They belong to two principal
groups; (1) those processing an O or OH substituent at C,; (corticos-
terone) and an OH group at C,, (cortisone and cortisol) exert their chief
action on organic metabolism and are designated as glucocorticoids;
(2) those lacking the oxygenated group at C,,; (desoxycorticosterone
and aldosterone) act primarily on electrolyte and water metabolism and
are designated as mineralocorticoids. In humans, the chief glucocorti-
coid is cortisol. The chief mineralocorticoid is aldosterone.

CH,OH CH,OH
HC HsC Co O\ HsC Cco
H,C HsC
0/ o/
Corticosterone 11-Dehydrocorticosterone
CH,OH CH,OH
H:C 0o HC €O
HsC HsC
0o” 0”
Desoxycorticosterone 17-Hydroxy-desoxycorticosterone
CH,OH CH,OH
HO H,C CQ-OH o H,C CQ-OH

0/ O/
17-Hydroxycorticosterone 17-Hydroxy-dehydrocorticosterone
(Cortisol) (Cortisone)
(IZHzOH OH CH,OH
HO HCO CO H lCO
H,C H,C
I E—
o” o”
Aldosterone

Fig. 1. Adrenal cortical hormones.
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The glucocorticoids are concerned in organic metabolism and in the
organism’s response to stress. They accelerate the rate of catabolism
(destructive metabolism) and inhibit the rate of anabolism (constructive
metabolism) of protein. They also reduce the utilization of carbohy-
drate and increase the rate of gluconeogenesis (formation of glucose)
from protein. They also exert a lipogenic as well as lipolytic action,
potentiating the release of fatty acids from adipose tissue. In addition
to these effects on the organic metabolism of the basic foodstuffs, the
glucocorticoids affect the body’s allergic, immune, inflammatory, anti-
body, anamnestic, and general responses of the organism to environ-
mental disturbances. It is these reactions which are the basis for the
wide use of the corticosteroids therapeutically. See also Immune Sys-
tem and Immunology.

Aldosterone exerts its main action in controlling the water and elec-
trolyte metabolism. Its presence is essential for the reabsorption of so-
dium by the renal tube, and it is the loss of salt and water which is
responsible for the acute manifestations of adrenocortical insuffi-
ciency. The action of aldosterone is not limited to the kidney, but is
manifested on the cells generally, this hormone affecting the distribu-
tion of sodium, potassium, water, and hydrogen ions between the cellu-
lar and extracellular fluids independently of its action on the kidney.

The differentiation in action of the glucocorticoids and the mineralo-
corticoids is not an absolute one. Aldosterone is about S00 times as
effective as cortisol in its salt and water retaining activity, but is one-
third as effective in its capacity to restore liver glycogen in the ad-
renalectomized animal. Cortisol in large doses, on the other hand, ex-
erts a water and salt retaining action. Corticosterone is less active than
cortisol as a glucocorticoid, but exerts a more pronounced mineralocor-
ticoid action than does the latter. See also Steroids.

In addition to the aforementioned corticosteroidal hormones, the ad-
renal glands produce several oxysteroids and small amounts of testos-
terone and other androgens, estrogens, progesterone, and their metabo-
lites.

Adrenal Medulla Hormones. Adrenaline (epinephrine) and its im-
mediate biological precursor noradrenaline (norepinephrine, levarter-
nol) are the principal hormones of the adult adrenal medulla. See Fig.
2. Some of the physiological effects produced by adrenaline are: con-
traction of the dilator muscle of the pupil of the eye (mydriasis); relaxa-
tion of the smooth muscle of the bronchi; constriction of most small
blood vessels; dilation of some blood vessels, notably those in skeletal
muscle; increase in heart rate and force of ventricular contraction; re-
laxation of the smooth muscle of the intestinal tract; and either contrac-
tion or relaxation, or both, of uterine smooth muscle. Electrical stimu-
lation of appropriate sympathetic (adrenergic) nerves can produce all
the aforementioned effects with exception of vasodilation in skeletal
muscle.
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Fig. 2. Adrenal medula hormones.
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Noradrenaline, when administered, produces the same general ef-
fects as adrenaline, but is less potent. Isoproternol, a synthetic analogue
of noradrenaline, is more potent than adrenaline in relaxing some
smooth muscle, producing vasodilation and increasing the rate and
force of cardiac contraction.

Malfunctions of the Adrenals. Progressive destruction of the adrenal
cortex, as found in Addison’s disease, gives rise to symptoms resulting
from deficiencies of the cortical hormones previously mentioned. In
the Waterhouse-Friderichsen syndrome, destruction of part or the
whole of one or both glands by hemorrhage, as may occur in the course
of meningitis due to meningococci, leads to sudden collapse and death
unless very prompt treatment by replacement of the absent hormones is
available. See also Addison’s Disease. In Cushing s syndrome (adrenal
cortical excess), a rare condition, there is obesity of the abdomen, face,
and buttocks, but not of the limbs. The skin about the face and hands is
redder than normal. Hair grows profusely, and women may grow exces-
sive hair about the face. Bones become brittle and suffer a considerable
loss of mineral components. Sexual functions may fall to a low level.
The adrenal cortex may be overly stimulated by an excess secretion of
ACTH (adrenocorticotropic hormone) in the pituitary gland. See also
Pituitary Gland. Also, excessive production of ACTH may be caused
by malignant tumors, among which lung, thymus, pancreas, and kidney
are the most common. Similar symptoms also may be produced by the
excessive pharmacologic (iatrogenic) use of steroids. Because of the
multifaceted causes of Cushing’s syndrome, differential diagnosis is
important.

ADSORPTION INDICATORS. Dyestuffs or other chemicals which
are used to detect the end point of a precipitation titration. These sub-
stances are dissolved in the solution to be titrated and lend color to it.
The end point of the titration is signaled by disappearance of the color
from the solution, or a change of color in the solution, attributable to
adsorption of the indicator by the precipitate. See also Indicator
(Chemical).

ADSORPTION (Process). The physical property of certain materials
to adsorb certain other substances is used widely in the chemical and
petrochemical industries for purifying (removing undesirable compo-
nents) various gases, such as syngases, that are the feedstock for syn-
thesizing numerous organic chemicals (methanol, for example) and
also fuel gases (natural or synthetic). As a major chemical engineering
separations technique, adsorption sometimes competes with absorp-
tion, q.v., membrane, and membrane separation operations.

Definition. Adsorption is a type of adhesion that takes place at the
surface of a solid or a liquid in contact with another medium, resulting
in an accumulation or increased concentration of molecules from that
medium in the immediate vicinity of the surface. For example, if freshly
heated charcoal is placed in an enclosure with ordinary air, a conden-
sation of certain gases occurs upon it, resulting in a reduction of pres-
sure; or if it is placed in a solution of unrefined sugar, some of the
impurities are likewise adsorbed, and thus removed from the solution.
Charcoal, when activated (i.e., freed from adsorbed matter by heating),
is especially effective in adsorption, probably because of the great sur-
face area presented by its porous structure. See Fig. 1. Its use in gas
masks is dependent upon this fact. Penicillin is recovered in one state
of the process by adsorption on activated carbon.

When colloidal hydroxides, notably aluminum hydroxide, are pre-
cipitated in a solution of acidic dyes, that is, those containing the
groups —OH or —COOH, the dye adheres to the precipitate, yielding
what is termed a lake. The “adsorption” of dirt on one’s hands results
from the unequal distribution of the dirt between the skin of the hands
and the air or solid with which the skin comes in contact. Water is fre-
quently ineffective in removing the dirt. The efficacy of soap in accom-
plishing its removal is due to the unequal distribution of dirt between
skin and soap “solution,” this time favoring the soap and leaving the
hands clean.

At a given fixed temperature, there is a definite relation between
the number of molecules adsorbed upon a surface and the pressure (if
a gas) or the concentration (if a solution), which may be represented
by an equation, or graphically by a curve called the adsorption iso-
therm.

Fig. 1. Scanning electron micrographs of charcoal magnified 100X (top) and
50X (bottom). (Polaroid Type 105 Land Film.)

The Freundlich or classical adsorption isotherm is of the form:
i = kp]/n
m

in which x is the mass of gas adsorbed, m is the mass of adsorbent, p is
the gas pressure, and & and » are constants for the temperature and sys-
tem. In certain systems, it is necessary to express this relationship as:

i = k(h’y)lln
m

where 4 is the relationship of the partial pressure of the vapor to its
saturation value, and vy is the surface tension. Numerous isotherm equa-
tions have been proposed in the chemical literature in the last fifty
years. The Langmuir adsorption isotherm is of the form:

x _ kkp

m 1 +kp

The Brunauer, Emmett and Teller equation is more general than those
of Freundlich or Langmuir; for among other limitations, those two
equations apply only to the adsorption of gases. Even in those cases, the
degree of adsorption depends upon five factors: (1) the composition of
the adsorbing material, (2) the condition of the surface of the adsorbing
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PHYSICAL PROPERTIES OF REPRESENTATIVE ADSORBENTS

External Adsorptive
Internal Void Average Pore Surface Area Capacity
Porosity Fraction Diameter (square (gram/gram of
Adsorbent Substance (%) (%) (107" meter)  meters/gram) dry solid)
Activated alumina 25 49 34 250 0.14¢
Activated bauxite 35 40 ~50 — 0.04-0.2°
Fuller’s earth ~54 40 — 130-250 —
Silica gel ~70 30-40 25-30 ~320 1.0°
Shell-base carbon ~50 ~37 20 800-1100 45
Wood-base carbon 55-75 ~40 20-40 625-14,000 6-9¢
Coal-base carbon 65-75 45-70 20-38 500-1200 ~0.4¢
Petroleum-base carbon 70-85 26-34 18-22 800-1100 0.6-0.7
Anhydrous calcium sulfate 38 ~45 — — 0.1¢

Synthetic zeolites—See Note below.—

“Water at 60% relative humidity.
bWater; test condition not specified.
“Water at 100% relative humidity.
“Phenol value.

“Benzene at 20°C; 7.5 millimeters partial pressure.

fTest conditions not specified.
¢Water; test conditions not specified.

Note: Synthetic zeolites are available from numerous commercial sources and usually are best known by

their tradenames.

Pore Size: Ranges from 3A (Phillipsite) to 6X 7A for Mordenite.
Composition: Si/Al: 1.0 for US-Y to 5-10 for Ferrierite and Mordenite.
Cation: Na, H, K, Ca, and Mg varies with different formulations.
Sorption Capacity (Wt %): H,O: 1 for Silicalite to 28 for Faujasiite X

nCH,,: 1.3 for Phillipsite to 18.1 for Faujasite Y
C(H,,: 1 for Chabazite to 19.5 for Faujasite Y

Note that, for all the foregoing, there are numerous intermediate values.
Suppliers include: Anaconda Minerals, Double Eagle Mining, W. R. Grace, Mobil Oil, PQ Corp, Toyo Soda,
Union Carbide, et al. Adapted from data developed by D. E. W. Vaughan.

material, (3) the material to be adsorbed, (4) the temperature, and (5)
the pressure (if a gas). A notable case in point is carbon. Of the finely
divided varieties of carbon there are important sugar charcoal, bone
black or animal black, blood charcoal, wood charcoal, coconut-shell
charcoal, activated carbon. The temperature of preparation of adsorbent
charcoal is an important factor, high temperatures being deleterious,
and the removal (or non-removal) of gases by passing steam over the
heated carbon, which operation increases the adsorptive power. Bone
black is used for removing the coloring matter from raw sugar solu-
tions. Fusel oil is removed from whiskey and poison gases from air by
adsorption with the proper form of carbon. By cooling carbon in a vac-
uum to the temperature of liquid air, the concentration of residual gas
is greatly decreased. Dewar (1906) found that 5 grams of charcoal (pre-
sumably coconut-shell charcoal) at the temperature of liquid air re-
duced the pressure of air in a 1-liter container from 1.7 to 0.00005 mil-
limeters.

Major Adsorbents. Besides carbon, other important adsorbents are
infusorial or diatomaceous earth fuller’s earth, clay, activated silica (sil-
ica gel), activated alumina, and synthetic zeolites. See accompanying
table. All surfaces that behave indifferently towards non-electrolytes
have the ability to adsorb electrolytes.

As pointed out by Ruthven, the discovery and commercialization of
synthetic zeolites as adsorbents provided the primary stimulus to the
development of adsorption as a major separation process. Although,
more recently, other materials, such as organic resins, carbon molecular
sieves, and pillared clays, have appeared, the zeolites remain a domi-
nant factor in adsorbent selection. See Fig. 2. Because of their micro-
porous crystalline structure, zeolites are uniquely suited to the role of
adsorbents. Although commercially available only in recent years, it is
interesting to note that R. M. Barrow first recognized the adsorbent
selectivity potential of zeolites in the 1940s. Earlier research was di-
rected towards natural zeolites. (Synthetic zeolites also are used in cata-
lytic processes. See Catalysis.)

Classes of Adsorbents. On the basis of the adsorbate (or the sub-
stance which is adsorbed), adsorption may be polar, when the material
adsorbed consists of positive or negative ions, so that the adsorbed film

has an overall electrical charge. The term polar adsorption is also ap-
plied to adsorption chiefly attributable to attraction between polar
groups of adsorbate and adsorbent. Specific adsorption is the preferen-
tial adsorption of one substance over another, or the quantity of adsor-
bate held per unit area of adsorbent.

On the basis of the process involved, adsorption may be classified as
chemical adsorption (or chemisorption) where forces of chemical or
valence nature between adsorbate and adsorbent are involved; and van
der Waals adsorption, involving chiefly van der Waals forces. The dif-
ference is usually indicated experimentally by the greater heat of ad-
sorption and more specific nature of the chemical process.

In comparing the adsorption properties of silica gel and activated
carbon it may be noted that the latter is nonpolar and since it has no

2 (a) 2 (b) 2(c)

Fig. 2. Three types of zeolites used in adsorption operations. (a) A type, (b)
Sodalite, and (c) Faujasite (Type X, Y). Zeolites are crystalline microporous sol-
ids that contain cavities and channels measured in terms of molecular dimensions.
Sometimes called molecular sieves, these dimensions range from 3 to 10A. At one
time, zeolites were chemically classified as aluminosilicates. With the develop-
ment of aluminophosphate chemistry, at least 13 additional elements have been
added to their composition, including Li, Be, B, Mg, Co, Mn, Zn, P, As, and Tj,
plus the earlier known substitution of Si, Al, Ga, Ge, and Fe. As pointed out by
Vaughan, “Few fields of chemistry (inorganic) offer such chemical and structural
diversity.” There are 60 different known structures, but theorists suggest that tens
of thousands may be possible. The foundation building block of zeolite structure
is a tetrahedron of four oxygen atoms surrounding a central silicon atom (SiO,).
Natural zeolites also occur, q.v. (Sketches adapted from Vaughan.)
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affinity for water will adsorb organic compounds in preference to
water. Silica gel, on the other hand, is polar. It retains water and may
thus reject an organic compound. It can also discriminate more selec-
tively than activated carbon and consequently can be used for the frac-
tionation of organic solvents.

Other types of adsorption are oriented adsorption, in which the ad-
sorbed molecules or other entities are directionally arranged on the sur-
face of the adsorbent; and negative adsorption, a phenomenon exhib-
ited by certain solutions, in which the concentration of solute is less on
the surface than in the body of the solution.

Occlusion is a type of adsorption, or perhaps more properly absorp-
tion, exhibited by metals or other solids toward gases, in which the gas
is apparently incorporated in the crystal structure of the solid. Palla-
dium thus occludes extraordinary quantities of hydrogen, with the si-
multaneous liberation of much heat.

Applications and Equipment Required. Industrial adsorption proc-
esses are relatively complex and consist of several steps, as in the case
of removing (adsorbing) undesirable vapors and gases from a mixture
of gases: (1) passing the gas mixture through an adsorption column
under pressure, (2) regeneration of the column through the application
of heat and a purging gas, (3) cooling the column, and (4) repressuriza-
tion of the column to make ready for the next cycle.

Adsorption is extremely important in biological reactions. Many of
the constituents of plant and animal cells are colloidal in nature, and
materials of various sorts are adsorbed on the surfaces of these colloids.
For example, proteins frequently depend upon hydration or the adsorp-
tion of water for their activity, and the cellulose walls of plant cells
often adsorb much water. See also Chromatography.

During recent years, large installations for processing municipal
wastes have been made. By taking advantage of anaerobic (do not re-
quire oxygen to live) bacteria, close to 100% of the waste mass can be
converted to large volumes of usable gas (methane), leaving relatively
small amounts of dry solids. The gas produced is known as landfill gas
(LFG). Wells are drilled into the landfill, with the application of a slight
vacuum to avoid drawing air into the base of the fill. LFG contains a
variety of nonbiodegradeable chemicals, including chlorinated fluori-
nated hydrocarbons, plus the remainders of hundreds of packaged
chemicals (solvents, cleaners, et al.). The raw LFG also contains large
quantities of carbon dioxide, which must be removed. Nearly all of the
undesired components can be removed via selective adsorption. Usu-
ally, the target is to produce a medium-energy gas, for use as boiler fuel
or in gas turbine electrical generators, or a high-energy, pipeline-qual-
ity methane stream.

As of 1990, it is estimated that existing or proposed landfill plants
will be producing well over 100 million SCF (standard cubic foot),
equivalent to nearly 3.5 billion cubic meters of raw LFG per year.

Adsorption plays an important role in the process of dyeing, and in
contact catalytic processes such as the conversion of sulfur dioxide to
trioxide, and of nitrogen plus hydrogen to ammonia. In the case of in-
soluble organic acids (containing —COOH group) and substances con-
taining hydroxyl (—OH) groups on the surface of water, the film is
oriented so that the —COOH or —OH groups are attracted into the
surface of the water, while their hydrocarbon ends project away from
the surface of the water showing no tendency to dissolve (Langmuir).

The heat of adsorption, or wetting in this case, of starch by water is
29 calories per gram of dry starch. The heat of adsorption of various
vapors and adsorbents has been measured. Since increase of tempera-
ture reduces adsorption, the adsorption process is accompanied by the
evolution of heat. It appears that the heat liberated for a given volume
of liquid filling the capillary spaces of a given adsorbent is practically
constant. The heat of adsorption of hydrogen is, on nickel, palladium,
platinum, copper, 11,700, 18,000, 13,800, 9500 calories respectively
per gram mol (2 grams) of hydrogen; and of carbon monoxide on plati-
num 35,000 calories per gram mol (28 grams) of carbon monoxide; and
of ethylene on copper 9500 calories per gram mol (28 grams) of ethyl-
ene.
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ADVENTITIOUS BUDS. Buds which appear elsewhere than in the
leaf axils or above them. They may appear anywhere in the internode,
or on roots or even on leaves, and develop either naturally or as a re-
sult of injury. The dense bunches of buds, which frequently appear on
burls or in witches’-broom, may be adventitious. The buds which ap-
pear at the tops of thistle roots, particularly when the natural top of
the plant is cut off, are adventitious. So also are the buds which de-
velop on the leaves of the begonia and bryophyllum. The practice of
pollarding, or cutting off the branches of a tree in such a way as to
leave only the main trunk or perhaps the stumps of a few large
branches, results in the development of dense groups of adventitious
buds. These grow into adventitious branches which in certain willows
may be long and supple and so useful in manufacturing wicker fur-
niture. The habit of forming adventitious buds on roots is of material
value, since in consequence it is possible to propagate many plants by
means of root cuttings.

Adventitious roots also exist. They may appear from the stem where
they arise in the pericycle, or from other tissues of the plant. The roots
which appear on slips or stem cuttings are adventitious. See also Bud;
and Budding.

AEOLIAN TONES. The tones produced by a gas stream striking a
stretched wire in a direction normal to the length of the wire.

AERATION. A process of contacting a liquid with air, often for the
purpose of releasing other dissolved gases, or for increasing the quan-
tity of oxygen dissolved in the liquid. Aeration is commonly used to
remove obnoxious odors or disagreeable tastes from raw water. The
principle of aeration is also used in the treatment of sewage by a method
known as the activated sludge process. The sewage is allowed to flow
into an aeration tank where it is mixed with a predetermined volume of
sludge. Compressed air is introduced which agitates the mixture and
furnishes oxygen which is necessary for certain biological changes
which take place. Sewage may also be aerated by mechanically actuated
paddles which rotate the liquid and constantly bring a fresh surface in
contact with the atmosphere.

Aeration is of importance in the fermentation industries. In the
manufacture of baker’s yeast, penicillin, and other antibiotics, an ade-
quate air supply is required for optimum yields in certain submerged
fermentation processes.

Aeration can be accomplished by allowing the liquid to fall in a thin
film or sprayed in the form of droplets in air at atmospheric pressure;
or the air, under pressure, may be bubbled into the liquid as by means
of a sparger, or other device that creates thousands of small bubbles,
thus providing maximum contact area between the air and the liquid.

AERENCHYMA. Spongy tissue occurring chiefly in the stems of
many aquatic or marsh plants. Such porous tissue gives great buoyancy
to the stem and so helps keep the leaves up in the air and permits gas
diffusion within the plant. The term aerenchyma is frequently applied
to any loose porous tissue found in plants, as for example that occurring
in lenticels.



AEROBE. An organism that utilizes atmospheric oxygen in its meta-
bolic processes; i.e., the so-called aerobic bacteria, or aerobes, which
use oxygen. See also Anaerobe.

AERODYNAMICS AND AEROSTATICS. Aerodynamics is the
study of the interaction between (1) a fluid, most frequently air, that is
stationary or in motion (wind), and (2) a solid object that (a) is essen-
tially stationary (fixed), such as a building, chimney, bridge, or that
(b) is in motion, such as an airborne or landborne vehicle, a missile, a
sporting object (ball, boomerang), et al. This interaction, when trans-
lated to practical engineering terms, is of great importance in terms of
designing structures and vehicles for maximum safety, performance,
and efficiency. For example, in terms of fixed structures, a bridge must
be designed to minimize the effects of high wind—to avoid undue
swaying and possibly toppling under extreme conditions. (Bridges have
been destroyed—e.g., the Tacoma Narrows Bridge, Washington, 1940.)
For safety and other reasons, highrise buildings must be designed to
minimize the effects of wind. Aerodynamics is probably most com-
monly associated with the design of all types of aircraft, but much at-
tention is also given to landcraft, such as automobiles, trucks, and even
bicycles. The interest in drag, discussed later, as it affects land vehicles
has been intensified since the energy crisis of a few years ago—because
a significant consumption of fuel is consumed in overcoming drag. The
aerodynamical characteristics of vehicles also affect performance (the
smoothness and grace of operation) as well as efficiency; also safety,
particularly at high speeds, can be affected by aerodynamically design-
ing an auto or truck that “holds the road” so to speak. Aerodynamics is
or should be a major consideration in the design of trailing vehicles so
that they can be operated safely under windy conditions. More recently,
the disciplines of aerodynamics and acoustics have been combined to
tackle “wind noise” in passenger cars. See Acoustics. The first stream-
lined train appeared in the 1930s (the so-called zephyrs) and aerody-
namics was of major concern in the design of today’s fastest trains, such
as those operating in France and Japan. Streamlining is a general lay
term for designing vehicles that incorporate sound aerodynamic engi-
neering and that, aesthetically, appear to be so designed. There have
been cases in the past where a so-called streamlined “look” was ef-
fected much more for buyer appeal than for the achievement of aerody-
namic performance.

Aerodynamics is a complex, essentially mathematical and geometric
science, but also one that has learned much from nature, rediscovering
as it were the streamlining of birds, insects, and fast-moving land mam-
mals. Aerodynamics depends upon the results of massive data collec-
tion, ranging from model testing (sometimes in huge wind tunnels) to
test piloting aircraft and road testing of land vehicles. As will be
touched upon later, computer simulation has aided and, in some cases,
replaced the need for costly wind tunnel procedures.

Aerostatics. The basic principle of aerostatics can be attributed to
Archimedes—a body immersed in a fluid (liquid or gas) is buoyed up
by a force equal to the weight of the fluid displaced. Thus, for buoyancy,
the weight of a structure (balloon, dirigible, etc.) plus the weight of the
contained gas must equal the weight of the air displaced.

Fundamentals of Aerodynamics

Concept of Inversion. Whether an object is standing still and the air
around it is in motion, or whether an object is moving in still air, pro-
vided the velocity of the object in the one case is the same as the veloc-
ity of the air in the other case, the aerodynamic forces prevailing are the
same. This concept of inversion is exploited when determining the aero-
dynamic forces created by airstreams upon stationary airfoils and other
objects as they may be tested in the moving airstreams of a wind tunnel.
More simply stated, the wind detected by a person standing in a boat
that is moving at 10 miles per hour, aerodynamically speaking, is the
same as the wind felt by a person standing in a fixed position with a
wind of 10 mph blowing.

Properties of Air. Air has a viscosity of 0.00019 poise under stand-
ard conditions, compared with 0.01 poise for water and 1 poise for light
oil. Thus, there are fields of aerodynamic study in which the air can be
considered frictionless, especially in subsonic aerodynamics—with the
exception of the conditions existing in a very thin layer immediately
adjacent to the solid object where there is relative motion between the
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object and the air. However, at speeds greater than that of sound, fric-
tion effects become important. In aerodynamic expressions, the abso-
lute viscosity, W, usually is associated with mass density, p, as a ratio.
This is called the kinematic viscosity, v, which has a magnitude of
0.000157 ft? (0.0000146 m?) per second in standard sea level atmos-
phere.

At subsonic air speeds, it is customary to consider the air incom-
pressible, and to rely on Bernoulli’s theorem of the interchangeability
of static head and velocity head. This permits the employment of the
principle of continuity for flow, represented by the equation

AV = constant

which means, symbolically, that the product of the cross-sectional area
of flow and the velocity is a constant at all points in the path taken by
a finite quantity of the fluid. If the fluid were compressible, this conti-
nuity would be

pAV = constant

Streamtube. A streamtube in air may be visualized as an imaginary
conduit through which the condition of continuity of flow of the incom-
pressible fluid takes place. Although the flow is steady, the tube is not
necessarily of uniform size, but where its sectional area decreases, we
would anticipate an increase of velocity; furthermore, a consideration
of Bernoulli’s theorem would indicate that these diminished sections of
the streamtube are regions of lower static pressure than elsewhere. Al-
though a streamtube is ordinarily imagined to have a circular cross sec-
tion, it will be convenient here to think of a streamtube having a rectan-
gular cross section. If we have enough of these streamtubes, all of the
same width, but whose heights may vary as velocity varies, we might
imagine them stacked, one on another, as shown in Fig. 1, and be thus
encompassing the whole flow of air through a given region. It will be
convenient to think of the edges of these streamtubes as equivalent to
the streamline pattern that is so useful in the study of the effect of air-
flows past solid objects. It follows that where the streamlines approach
each other, there is a region of lower pressure and higher velocity; con-
versely when they diverge. Thus, converging streamtubes (and stream-
lines) are like nozzles, whereas diverging streamtubes are like dif-
fusers. The reader, upon viewing a streamline pattern, may then judge
fluid pressure by the density of streamlines. This is readily done, quali-
tatively, if not quantitatively.

Fig. 1. Stacked streamtubes.

Streamline Patterns. Itisnow in order to state the nature of elemen-
tary streamline patterns and explain how a complex streamline pattern
may be considered the result of the addition of two potential forces,
each capable of producing a different character of streamline in the
same region. A simple potential cylinder rotating in still air will drag
with it a circulatory pattern of flow, the streamlines of which could be
represented by a series of concentric circles. The circulation stream pat-
tern is of great importance, because an airfoil is a shape that automat-
ically induces a circulating component of airflow, which, when super-
imposed upon a rectilinear stream, provides the typical streamline
pattern around an airfoil. The lifting streamline pattern of the typical
airfoil could be induced in the absence of the airfoil by imposing some
specific circulatory pattern of stream flow upon a rectilinear field, and
this fact has been put to useful service in theoretical mathematical con-
sideration of the aerodynamics of airfoils.

In Fig. 2a, a rectilinear flow is passing a static cylinder. At some
distance from the cylinder, the flow is unaffected by the presence of the
cylinder, and the streamtubes remain of constant size throughout, but it
is obvious that between this undisturbed region and the cylinder, the
intermediate tubes must be smaller in order that all can be accommo-
dated in the space immediately above and below the cylinder. The ac-
tion of the individual streamtube approaching a point abreast of the
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Fig. 2. Comparison of air passing over (a) cylinder at rest and (b) rotating cyl-
inder.

center line of the cylinder is, therefore, that of a nozzle which has in-
creased the air speed and decreased its pressure. Hence, above and be-
low the cylinder, static pressure is less than in the free, unaffected
stream. If the cylinder were in rotation, tending to set up its concentric
field of streamlines, the resulting streamline pattern would be like that
shown in Fig. 2b, where, on one side of the cylinder, there is a reduction
of static pressure due to crowding together of the streamlines, and on
the other side, there may be no change of pressure, or even an increase.
Briefly, then, the presence of a circulatory component of flow in a rec-
tilinear field is to produce a net transverse force (in this case, upwards)
on the object, since it will be subjected to unbalanced static pressure of
the fluid against its surfaces. This is the force which causes a spinning
tennis ball to assume a sharply curved trajectory, and which causes the
lift to exist upon an airplane wing.

Effects of Viscosity. The influence of viscosity of air in aerody-
namics is confined chiefly to the action of air in the boundary layer.
Within this boundary layer (which, although extremely thin, consti-
tutes the atmosphere immediately adjacent to the solid) the frictional
qualities of air are of importance in determining the airflow. The thin
boundary layer might be imagined subdivided into a great many lami-
nae of air parallel to the surface and extending out to the limits of
the boundary layer. A nonturbulent boundary layer is considered, al-
though, as will be developed later, the boundary layer may become
turbulent under certain conditions except for the lamina immediately
adjacent to the stationary surface. As Fig. 3 displays, the laminar ve-
locity, u, increases above the surface until, at the edge of the bound-
ary layer, it equals the free stream velocity. The smaller the viscosity
of the fluid, the thinner the boundary layer will be. Consequently, it
is extremely thin for air, but what goes on in this boundary layer is
of utmost importance in aerodynamics. The first layer of air sticks or
adheres to the surface, and laminae above it successively slide on
each other, exerting drags that are proportional to the viscosity. The
rate of change of the velocity between adjacent laminae is a measure
of the unit shearing force between them, and is the unit skin friction
when the lamina considered is at the one in motion nearest the sta-
tionary surface. This occurs at practically zero boundary layer thick-
ness. A curve joining the tips of velocity vectors plotted for the dif-
ferent laminae in the boundary layer is called a velocity profile. If u
is the variable velocity, increasing from 0 to 7 across the boundary
layer, then du/dy is the rate of change of velocity (also the tangent
to the velocity profile) and, through the application of one of the
Newtonian principles, the unit shear stress,

_ (@)
T dy =0

where y is measured in the vertical direction.

Surface Effects. The proximity of streamlines to a stationary sur-
face is now seen to produce a reaction resulting from the static pressure
p existing in the flow nearest the surface, and a skin friction 7, which
is, of course, tangential to the surface. The combination of these two is
a force oblique to the surface. The foregoing statement premises an
adherence of the streamlines to the surface, for, if they have separated

Velocity profile.

5 Fig. 3.
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from the surface, the region between will be filled with vortices of ran-
dom motion, and the surface pressure cannot be definitely predicted
from the character of the streamline flow. It is apparent that aerody-
namic reaction is a function of p, p, ¥, and the extent of the surface area
on which the reaction takes place. Usually some one dimension / is
taken to describe the size of the surface. In ft-1b sec units, the aerody-
namic force F is in pounds, . is in poises, p is in slugs per square foot,
and / is in feet. To discover the relationship existing between the reac-
tion and its controlling factors, it is customary to set up the dimensional
relationship:

|F| = lpn®rer]

and employ the methods of dimensional analysis to discover the value
of a, b, ¢, and d. It is found that

b
|F| = (l) pV?%| dimensionally
Vi
and
v b
F=K (71) pV?21? numerically
in which

v = kinematic viscosity
K = a dimensionless constant
Vi/v = the Reynolds number (also dimensionless)

The product, 2K(v/V1)®, is frequently given as a dimensionless coef-
ficient C. The exponent b is of such magnitude that the Reynolds
number has a minor (but not negligible) effect on C. The coefficient
is affected primarily by the attitude of the body in the airstream. If
it is completely symmetrical, as is a sphere, this variation is nonex-
istent, and C is a true constant except for the above-mentioned minor
effect of the Reynolds number variation. However, the nonsymmetri-
cal shape of an airfoil causes large and typical variations of C, de-
pending on the attitude with which the airfoil is presented to the air-
stream. The force F would then be C(p¥?/2)S, or CgS, in which q is
dynamic pressure, and S is some significant surface area, in square
feet, of the object.

Laminar and Turbulent Flow. Flow within a streamtube may be
laminar or slightly turbulent. It was stated that, in laminar flow, drag per

unit area is w(du/dy),—o, but turbulent flow produces higher skin fric-
tion because the velocity profile is fuller close to the surface due to
turbulent energy interchange between laminae. Although at the begin-
ning of contact between airstream and surface, true laminar flow ex-
isted, it has been found that a certain critical value of Reynolds number,
determined chiefly by the linear dimension of contact passed over, the
boundary layer suddenly becomes turbulent, and thickens. In spite of
the higher skin friction, the drag on bluff bodies may actually become
less with turbulence, because of an action within the turbulent bound-
ary layer that resists separation of the streamlines from the surface. Vis-
cous drag gradually slows down the fluid in a laminar boundary layer,
and if contact with the surface is maintained over sufficient length, the
innermost parts of the boundary layer will be brought to rest. This be-
comes the separation point. If a negative pressure gradient exists be-
yond the separation point, as it often does, there will be a reverse flow
toward the separation point, all of which will produce a breaking away
of the streamlines from the surface, leaving the surface between the two
separation points, on either side of body, in contact with air of random
vortices and low pressure. See Figures 4 and 5. It can be seen that be-
cause of the vortices, the pressure at »n has failed to build up to the
pressure at m (as it would have had the fluid been frictionless and with-
out premature separation point), resulting in the creation of a down-
stream dragging force. This is characteristic of any body having a tur-
bulent wake. Early turbulence in the boundary layer is desirable, so that

Fig. 4. Low-pressure wake.



Fig. 5. Distribution of pressure on a cambered wing at different angles of attack
but at the same airspeed as obtained in a wind tunnel. The arrows are force vec-
tors, their length representing the relative intensities of the pressures at the points
at which they are located. The end points (arrow-heads) are connected to form an
envelope. To obtain the relative intensity at any point, erect an arrow normal to
the airfoil surface, and its length is then determined by its intersection with the
envelope drawn through the end points of the other force vectors. Sketches to the
right show, approximately, the manner of air flow at the different angles of attack.

the greater average momentum of boundary layer air can carry it
against skin friction farther around the bluff surface, and so delay the
separation point and narrow the turbulent wake. Thus, the coefficient
of drag for a sphere [C of Cg(wd?/4)] is about 0.5 for laminar boundary
layer and 0.1 for turbulent, with the transition occurring at a Reynolds
number of approximately 300,000.

Airfoils

An airfoil is any body whose shape causes it to receive a useful reac-
tion from an airstream moving relative to it. This definition is broad and
could include many shapes not ordinarily considered airfoils. The term
is usually associated with a body of the shape shown in Fig. 6, a profile
or chordwise section of the wing. The dimension perpendicular to this
section is called the span when referred to the wing. Many different
airfoil shapes have been used, proposed for use, or tested. Some of them
have flat lower surfaces, and others have convex or concave surfaces.

The characteristic lifting airfoil profile has a maximum thickness of
6 to 18% of the chord at 20 to 40% of the chord aft of the leading edge.
Early experiments were made with flat-plate airfoils, and later with thin
curved-plate airfoils, but neither possessed as large a ratio of lift to drag
at a particular angle of attack as the double-surface cambered airfoil
shown, nor as low resistance or drag. Also, an airfoil of finite thickness
provides space for the foundation structure of a lightweight wing, thus

Aerodynamic
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Fig. 6. Airfoil profile.
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removing the structural elements from the drag of the airstream, and
thereby reducing the drag.

The value of the airfoil shape to aviation resides in the magnitude and
direction of the resultant air reaction on it when employed at attitudes
below the stall (about 15° angle of attack). The component of the air
reaction normal (called the lift) to the free airstream is several times the
magnitude of the parallel component (called the drag). The normal
component, or lift, may be expressed in equation form as

L= CLqS

The variation of C; with geometric angle of attack is seen in Fig.
7. The slope of the straight portion is a per radian. Theory indicates
a value of 2 for 4, for infinite aspect ratio, and tests agree well with
the theory. The lift coefficient increases uniformly with attack until
the stall or burble point is reached, where it breaks and decreases rap-
idly with further increase of angle of attack, because the high attack
angle creates a bluff body and the stagnation point advances forward
on the airfoil. Normal controlled flight is not likely beyond the stall
or burble point. The moment coefficient, C),, about the aerodynamic
center of the airfoil is shown in Fig. 7. It will be noted that it has prac-
tically a constant value. When listed, the value of Cy, at C;, = 0 is usu-
ally given.

The full aerodynamic reaction upon an airfoil is a force of which the
lift is the component normal to the free stream velocity. The other com-
ponent is measured in the direction of the air velocity and is called drag.
Drag coefficient has a characteristic parabolic variation, as Fig. 7
shows. The drag equation is analogous to that for the lift:

D = CpqS

If the resultant of all air reactions on an airfoil is consolidated into a
single imaginary force, it must act at the center of pressure of the air-
foil. The figure shows that the location of this center of pressure of an
airfoil varies with its attitude. The qualities of an airfoil that are sought
for when employed in aviation are:

(1) High maximum C, in order to give low landing speed for a given
size wing and weight.

(2) Low minimum Cj, so that the high speed, which occurs at small
angles of attack, may be the greatest possible.

(3) High ratio of C; to Cp, so that an efficient, economical airplane
will result.

(4) A shape well suited to the construction of a strong, but light-
weight, wing, at minimum cost.
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Fig. 7. Common aerodynamic characteristics of an airfoil.
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Downwash. From an airfoil of finite span in flight, there is a multi-
tude of vortices trailing, forming a vortex sheet. As a result of circula-
tory flow about each vortex filament a net downwash flow of air is
produced, having an important effect upon the air reactions. If the air-
foil is untwisted, and elliptical in plan form (or tapered in approxima-
tion of an ellipse), the vortices bound to the airfoil will produce a cir-
culation of approximately elliptical strength distribution over the span.
This produces a uniform downwash of air in the region of the wing. The
combined effect of the forward motion of the airfoil and the downwash
will be better understood upon reference to Fig. 8.

Fig. 8. Downwash.

The forward speed ¥, and the vortex-induced downwash w produce
a resultant air velocity of V7, (substantially equal to ¥, in magnitude)
which meets the airfoil at angle of attack a.. The angle € is called the
downwash angle. Without downwash, the lift produced would be that
corresponding to a, at velocity ¥, but downwash reduces the angle of
attack to o thus decreasing the lift. To lift the same this airfoil would
require a with downwash to be larger than a, without downwash. The
effect of downwash is now seen to be deleterious since, for the same V'
and lift, it increases the needed o and produces extra drag. Furthermore
this drag (induced drag) is not associated with aerodynamic cleanliness
but with aspect ratio. Disposing the area of the wing as a slender wing
of large wing span (i.e., high aspect ratio) is the way to reduce this form
of drag.

The effect of downwash of the wing has to be accounted for in the
disposition of the empennage (stabilizing tail assembly) when disposed
in the rear of the wing. In front of the wing, there is an upwash.

High-Lift Devices. The lifting ability of an airfoil is improved by
increasing its camber (over limited range), and also by delaying the
separation of the air flow from the lifting surface as the angle of attack
is increased. Most airfoils employed as airplane wings are of low cam-
ber because their drag coefficients at low attack angles (high speed) are
more favorable than those of the thick, highly cambered airfoils.

It is known that the maximum lift coefficient of a highly cambered
airfoil is greater than that of a flat, thin one. Safety in landing an air-
plane demands low landing speed, which is obtainable by using wings
with high maximum lift coefficients. On the other hand, high maximum
speed is only to be obtained with the thin, low-drag type airfoil. Many
manufacturers of aircraft have adopted the flap as a means for securing
low landing speeds on aircraft fitted with inherently high-speed wings.
The flap, as illustrated in Fig. 9, is akin to a flexible trailing edge, and,
by depressing the flap, the effective camber of the airfoil may be in-
creased. The drag is also increased, giving a steeper gliding angle with
flap down than without the use of the flap. Apart from any disadvan-
tage, this factor may actually be beneficial, since with flap position
variable and under control of the pilot, the angle of normal gliding is
alterable, permitting steep approaches to small obstructed fields. Flaps
that have received a great deal of attention include the simple flap, the
split flap, zap flap, and the fowler flap. The simple flap, of which the
normal aileron, elevator and rudder are types, is the easiest to use, re-
quiring only rotation downward for increasing the lift coefficient. The
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split flap is extensively used. The operation is simply that of a rotation
of a panel on the underside of the trailing edge about its forward edge.
In the zap flap, the rotation is accompanied by a backward movement
of the pivoting point. In the fowler flap, the motion is not one of simple
rotation alone, but is combined with a rearward movement of the flap
area as well. The effect is one of increase of airfoil area as well as
change of camber.

Increasing lift by delaying separation in the boundary layer is an in-
dependent action. Both flaps and partial boundary layer control with
the aid of a leading edge slot (see Fig. 10) could be added to the same
airfoil—and have been on some airplane wings. The effect of flaps and
slots on lift and drag is illustrated in Fig. 11. Delay of airflow separation
by sucking off the incipient vortices around the stagnation point pro-
duced amazing lift coefficients but has not been exploited on account
of the compressor energy needed, although, with the introduction of the
jetengine, the interest in boundary layer control was revived. Also, very
small high-speed jets to impart energy to the boundary layer, “blowing
off” the air (as opposed to sucking off), and rotating cylindrical nose
sections, have been tested with varying results.
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Fig. 10. Air flow at high angle of attack with and
without slot.
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Fig. 11. Effect of flaps and slots on lift
and drag.

Boundary layer control by leading edge slots is definitely valuable
for lifting airfoils, and lacks the structural and mechanical complica-
tions attending the other boundary layer control proposals. Hence slots
and flaps have been the principal high-lift additions commercially em-
ployed.

Drag

An object subjected to an airstream is acted upon by a resultant air
pressure. Drag is the component of air reaction which is parallel to the
airstream. Its origin is profile impact of molecules of air against the
face of the object, the skin friction of the molecules of air as they slide
along the object, the vortices and eddying air currents set up in an oth-
erwise undisturbed airstream by the presence of the object, and the in-
duction effects of downwash, if any. Drag is that quantity which im-
poses limitations upon the top speed of vehicles. As it is proportional
to the square of the velocity, its magnitude mounts rapidly as velocities
are increased.

There are two kinds of drag—drag on surfaces which obtain a useful
reaction from the airstream as well as a drag, and drag upon surfaces
where the only reaction is the drag. A wing has both drag and lift. Drag
on the wing is the price paid for lift, and is so accepted. A strut, or wire,
or wheel, creates no lift, and the drag is wholly undesirable. A drag of
this type is called parasite drag. Careful streamlining and reduction of
parts exposed to the airstream are ways of reducing parasite drag. The
drag of a wing may be divided into profile drag and induced drag. In-



duced drag depends upon the lift coefficient and the aspect ratio of a
wing. The induced drag coefficient may be expressed as

Cp, = CYm(AR)

where Cp, is the induced drag coefficient, C; the lift coefficient, and
AR the aspect ratio of the wing.

During a test, profile and induced drag are not separable. Parasite
drag depends upon the surface roughness and shape of the object.

Profile drag of airfoils is the result of skin friction and turbulent
wake. It is greatly influenced by the Reynolds number (scale effect)
and by initial turbulence in the airstream. Although some authors have
proceeded on the basis that this is the sole influence on profile drag
coefficient, others have found that the profile drag coefficient has a
small variation with coefficient of lift. However, the generally ac-
cepted theories of origin of aerodynamic forces imply that scale ef-
fects modify profile and parasitic drags only and are absent in lift and
induced drag. Experience confirms the validity of theory except near
the burble, or stall, attitude of the airfoil, where viscosity has an ef-
fect on lift.

Experiments in the wind tunnel show that factors affecting reaction
of air on airfoils are:

(1) The relative velocity of the air and airfoil.

(2) Ratio of span to chord of the surface area.

(3) Density of the air.

(4) The angle of inclination of the airfoil to the airstream.

All this may be stated somewhat as follows:
F ~ R"apSV?

F is wind reaction, « the angle of attack of the wing, p the mass density
of the air, S the surface area, ¥ the air velocity, and R the Reynolds
number.

If a proper constant K be inserted, the similarity can be made into an
equality. K may also be made to include the effect of the Reynolds num-
ber, angle of attack, and air density. The equation is then simplified to:

F = KSV?

This reaction is neither perpendicular nor parallel to the wind stream.
It is convenient to divide it into its components of lift and drag. Letting
K; and K, be the corresponding coefficients.

Lift L = K,SV?
Drag D = K,SV?

There will be a different value of K for each angle of attack and each R,
although the effect of the latter is usually minor.

The defect of this equation is that K is not dimensionless, as a true
coefficient should be; also, the formula is not flexible with respect to
air density. If it were rewritten:

R = CpSV?

C would be dimensionless. The equation is usually written thus for
drag:

D = ;CppSV?

because pV?/2 is the pressure necessary to give air of mass density
p at a velocity of V. This is called the dynamic pressure. The drag is
also CpgS, where g stands for dynamic pressure. The drag coefficient
Cp varies with angle of attack, but it is dimensionless. Consistent
units have to be used. p is the ratio of the weight of the air, or fluid,
in pounds per cubic foot, to the acceleration due to gravity or 32.2
ft/sec? (9.8 m/sec?); S is the wing area, projected upon the plane of
chords, in square feet, and V is the velocity in feet per second. Cp
is the nondimensional drag coefficient. The subscript D is used when
the coefficient refers to the average coefficient for the entire wing,
and the lower case letter d is used when the drag coefficient refers
to the airfoil of unit width. The wind-tunnel test is used to establish
the law of variation, and the results are plotted as a drag curve, with
the coefficient of drag as the ordinate, and either coefficient of lift
or angle of attack as the abscissa.
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A few typical coefficients of drag are:

(1) Flat plate normal to airstream. Average value 1.28 often used,
although subject to variation from AR (aspect ratio) and R.N. (Reynolds
number).

Flat plate parallel to airstream. Cp, = skin friction coefficient as there
is no turbulent wake. Varies, 0.002—-0.008 depending on initial turbu-
lence and R.N.

(2) Sphere (S = projected area), about 4 X 10° critical R.N. Laminar
boundary, 0.45; turbulent, 0.1.

(3) Cylinder, axis transverse to airstream (S = projected area), about
4 X 10 critical R.N. Laminar boundary, 0.7; turbulent, 0.3.

(4) Thin wing, infinite AR, R.N. 3.5 X 10°. C, = 0.01.

(5) Airplane. Cp = Cp, + C¥ Cp varies greatl§, as it depends upon
a large number of design and operational factors.

The drag of an object is subject to other factors also, such as com-
pressibility of the fluid medium in which the object moves, and surface
roughness.

Under supersonic conditions, the drag coefficient may be approxi-
mated by the following formula,

402
M?—1

where a is the angle of attack in radians, and M is the Mach number for
the fluid speed considered.

Cp =

Drag Studies in the Automotive Field

Leading automotive manufacturers in recent years have directed con-
siderable research toward determining how the detailed shapes of vari-
ous areas of a vehicle (automobile, truck, bus, etc.) affect aerodynamic
drag, with particular emphasis on improving fuel economy as well as
performance in crosswinds at high speeds. For example, studies have
included a combination of aesthetic considerations with aerodynamic
performance. Such studies become varied and complex because of the
several accepted basic auto designs (fastback, hatchback, notchback
rear ends, for example). Computer simulation is playing an increasing
role in such research because predictions of aerodynamic flows by com-
puter provide rapid preliminary evaluation of prototype shapes, prior to
large-scale testing, as provided by wind tunnels. Many examples of
drag coefficient research could be given.

One manufacturer (spring of 1987) devised an improved method for
determining projected vehicle frontal areas and thus improved drag co-
efficient values. See Fig. 12. Examples from bus and truck manufactur-
ers are given in Fig. 13. The application of color computer graphics is
shown in Fig. 14.

Theory of Aerodynamic Compressibility

The “incompressible fluid” theory of classical hydrodynamics has
proved useful for the estimation of aerodynamic parameters, and when
applied to problems of low-speed flight has yielded sufficiently accu-

Laser Point of the vehicie's
outer enveloping contour

Laser light detector

Two-dimensional traversing facility Two-dimensional traversing facility

Fig. 12. Indetermining the drag coefficient of a vehicle, accurate measurements
of the vehicle’s contour must be made. The drag coefficient of a body in a flowing
inviscous fluid equals the ratio of twice the force on the body in the direction of
flow to the product of the fluid’s density, the square of the flow velocity, and the
body’s cross-sectional area. Although there are other methods for determining
contour, such as shadow imaging; in contour scanning, the vehicle’s outer envel-
oping contour can be measured point-to-point by using an optical projector
guided perpendicular to the vehicle’s longitudinal axis by a numerically con-
trolled traversing facility. When the line of sight of the measuring device strikes
the vehicle’s contour, an appropriate signal is generated to trigger the coordinate
recorder. In system shown here, a helium-neon laser is used as light source. (Auto-
motive Engineering.)
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Fig. 13. Tractor-trailers and buses generally are large bluff bodies which do not have ideal aerodynamic shape. Because of the high replacement cost of these vehicles,
various researchers have investigated the effects of “add-on” devices on the reduction of aerodynamic drag. One study on buses has shown that drag can be reduced as
much as 27%, with fuel consumption reduction of 12%. A traditional bus front-end is shown in (a); an optimized, aerodynamically attractive front-end is shown in (b).
This study was made using scaled-down models (50%}) and testing in a wind tunnel.

In a study of tractor-trailers, it was concluded that conventional tractors do not have inherently lower drag coefficients than those with cab-over-engine tractors. It
has been found that it is the streamlining of the tractor and the interference which it produces with the flow about the trailer that is important, not the type of tractor.
As shown by (c), a streamlined cab-roof fairing and the gap seal were evaluated as to their effect on the drag distribution of the tractor-trailer combination. The fairing
guides air around and over the trailer so that it does not impact on the front of the trailer and separate at its forward edges. The gap seal is a flat plate mounted vertically
along the centerline of the vehicle between the tractor and trailer. It improves the horizontal flow through the gap due to crosswinds and hence reduces separation on
the front of the trailer due to this flow. When used in conjunction with the fairing, it also acts to stabilize the wake of the fairing in gusty winds and thus acts to maintain
the fairing’s effectiveness. The fairing increased the drag on the tractor, but decreased the drag on the trailer by a greater amount, so that the total drag on the vehicle
was reduced. The drag on the trailer became zero at 0° yaw due to the low pressure in the gap caused by entrainment. The fraction of the drag due to the tractor with
the fairing in place ranged from 100% at 0° yaw to 75% at 20° yaw, including the drag on the fairing.

OO

rate results. It has been found, however, that the flow pattern about a
body moving through the air at high speeds is affected to a large degree
by changes in density resulting from compression or expansion of the
fluid. Consequently, aerodynamic coefficients based on an incompress-
ible-flow theory are in considerable error when applied to airplanes
moving at high speeds. An understanding of compressible flows is,
therefore, of the utmost importance to the designer of high-speed air-
craft.

In the study of compressibility phenomena as applied to aerodynamic
problems, airplane speeds are classified according to their relation to
the speed of sound in air. The speed of sound is taken as a reference
velocity because it is a function of fluid elasticity. As applied to com-
pressible flows this means that the amount of pressure necessary to
cause a given change in density in any fluid is proportional to the speed
of sound in the fluid. Since the pressure is proportional to the square of
the velocity, the velocity which a body may attain before appreciable
density changes occur is also proportional to the velocity of sound in
the fluid. It is apparent, therefore, that the flow pattern about a body
will be altered by density changes to a degree dependent upon the ratio

of the velocity of the body to the velocity of sound. This ratio is known
as the Mach number and is taken as an index of the effects of compressi-
bility on the flow pattern. A curve showing the variation of the speed of
sound with altitude is presented in Fig. 15. The local velocity of sound
is directly proportional to the square root of the absolute temperature.
Therefore, the variation of the speed of sound with altitude is essen-
tially due to the variation in the temperature of the air.

In order to show quantitatively the changes in air density associated
with increasing Mach number the following table has been prepared.
This table is based on an adiabatic flow through a converging nozzle.
M is the stream Mach number and p/p, is the ratio of the corresponding
air density to the density at static conditions.

M p/p;
0.2 0.981
0.4 0.925
0.6 0.841
0.8 0.742
1.0 0.635
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Fig. 14. Facsimile of color computer graphics image showing contours of computed surfaces and streamlines in the
flow of an early evaluation of the aecrodynamic characteristics of a proposed auto design. (General Motors Corp.)
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The preceding discussion fully accounts for the effects of compressi-
bility only at Mach numbers less than one, or at subsonic speeds. As air
speeds approach and attain the velocity of sound, radical changes occur
in the flow pattern which do not result entirely from changes in air
density. The flow pattern in a perfect incompressible fluid is instanta-
neously influenced at all points by pressure changes occurring at any
point in the flow field. A consideration of the theory of elasticity as
applied to fluids, however, indicates that the effects of small pressure
changes in a real fluid are transmitted throughout the fluid in the form
of waves which travel at the speed of sound. It may be seen, then, that
the effects of a pressure change which occurs behind the critical point
at which the speed of sound has been reached cannot influence the flow
field ahead of the point.

Since at the critical point the forward motion of the pressure waves
is completely arrested by an airstream velocity equal to the velocity of
wave propagation, a wave front is formed at the critical point. This wave
front constitutes a sharp discontinuity in the flow with which are asso-
ciated large increases in pressure, density, and temperature and a de-
crease in velocity. Such a wave front with its attendant discontinuities
is known as a shock wave. The flow field about a body traveling at or
near sonic velocities will be radically different from that at low speeds.

Once the velocity has increased beyond the sonic range and attained
a sufficiently high supersonic value, the shock wave will be forced
downstream and the flow at the original point of shock will be compara-

tively smooth. However, the flow pattern at supersonic speeds will bear
little resemblance to that which obtains at low speeds.

High-speed flight is greatly complicated by the compressibility phe-
nomena which have been described. The following paragraphs give an
outline of the more important considerations in the aerodynamics of
high-speed flight.

The change in aerodynamic characteristics which results from fluid
compressibility is greatest when shock waves form on some part of the
airplane such as an airfoil or cowling. The forward velocity of the air-
plane which corresponds to the formation of shock waves is called the
critical speed. The critical airplane speed is always less than the veloc-
ity of sound since the local velocity over the airfoil surfaces and other
components is in excess of the forward speed of the airplane. The criti-
cal Mach number is the ratio of the critical airplane speed to the speed
of sound.

The airfoil section usually predominates as the factor which controls
the effects of compressibility on the characteristics of high-speed air-
planes. The variation in pressure distribution around an airfoil as the
Mach number is increased is shown in Fig. 16. Both flight and wind-
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tunnel tests have shown that this change in pressure distribution affects
the following important airfoil parameters:

(1) The drag coefficient, Cp.

(2) The slope of the lift curve dC/da.

(3) The pitching-moment coefficient, C,,.
(4) The maximum lift coefficient, C,,.

The drag coefficient suffers most, its value increasing tremendously
as the critical Mach number is reached. The large increase in drag re-
sults not only from energy loss in the shock wave but also from the large
positive pressure gradient existing across the shock. Such a pressure
gradient causes boundary-layer separation which results in a wide, tur-
bulent wake with its attendant-form drag. A curve is presented in Fig.
17 which shows qualitatively the variation of airfoil-drag coefficient
with Mach number. In terms of airplane performance, the increase in
drag which occurs at the critical speed indicates that a tremendous
amount of power would be required for an airplane to fly through the
sonic range of speeds and reach speeds above the speed of sound.
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8 Fig. 17. Variation of airfoil drag coeffi-
® cient with Mach number.
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A loss in maximum lift coefficient occurs as the critical speed is ap-
proached. However, airplanes do not operate at high lift coefficients
when traveling at high speeds. The changes in lift-curve slope and
pitching-moment coefficient which occur with increasing Mach num-
bers are shown in Figs. 18 and 19. The variation of lift-curve slope with
Mach number was calculated from Glauert’s approximately correct
theoretical relation which states that the change in lift-curve slope is
proportional to 1N1 — M?, where M is the free-stream Mach number.

.20
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Lift-curve slope,

Mach number, M
Fig. 18. Change of lift-curve slope with increasing Mach number.
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Fig. 19. Variation of pitching-moment coefficient with increasing Mach num-
ber.

The changes in pitching-moment coefficient and lift-curve slope in-
dicate a considerable variation in the external forces acting on the lift-
ing surfaces of airplanes traveling at high speeds. Unless the changes
in C); and dC/do are taken into consideration in the design of high-
speed airplanes, complete loss of control and stability may result at
high speeds. The large turbulent wake discussed in connection with the
drag of bodies at shock speeds also has an adverse effect on the control
and stability. The angle of downwash and thus the trim of the airplane
will change instantly when the wake widens and the plane may be
thrown completely out of control. The large turbulent wake may also
cause serious control-surface buffeting.

Knowledge of compressible flows is steadily increasing. The most
fruitful methods of obtaining information about compressibility phe-
nomena have been found in the field of wind-tunnel testing and through
careful instrumentation of rocket-propelled test vehicles for which the
measured data are telemetered to the ground.

Theory of Aerodynamic Circulation

A mass of air in rotary motion is said to be in circulatory flow if its
velocities at various radii from the center of rotation are of the proper
magnitude to induce radial equilibrium of the circulating mass. Consid-
eration of the requirements for equilibrium consists in balancing cen-
trifugal forces against static pressures derived from Bernoulli’s theorem
and results in the specification that velocity of a particle must be in-
versely proportional to its radius from the center of rotation. Note that
this is not like the motion of portions of a wheel, whose velocities are
proportional to their radii. A simple case of circulation could be visu-
alized as the flow pattern (concentric circles) induced by a rough cylin-
der rotating rapidly in still air.

If air is in circulation and no object such as a cylinder occupies the
central core, the velocity at the center of rotation reaches a theoretical
value of infinity. This is impossible and the center of circulatory flow
must be occupied by a small core of air in simple rotary motion. Air in
this condition is described as a free vortex. Exceptionally high veloci-
ties may exist at the edge of the rotary core, and in vortices of high
circulatory strength such as tornadoes the atmospheric energy may
reach the destructive proportions.

The strength of aerodynamic circulation (usually called the circula-
tion and designated by symbol I') is the line integral of the tangential
component of the velocity along any closed line encircling the vortex
center, or some object.

I'= %vdl

It has been proved that I" has the same value for any closed path through
the flow around the object (such as an airfoil, cylinder, etc.) and this
fact is of value in various phases of aerodynamic analysis. A simple
case of a flow pattern of concentric circles illustrates the constancy of
I'. The velocity at radius » is K/# and

I'= %5 dl = fﬁrd(): 2K
r r

Therefore I' is not a function of r; its magnitude is constant throughout
the flow pattern.

The generally accepted demonstration of the origin of lift on an air-
foil employs a vortex circulation imposed on a rectilinear velocity field
to produce the typical stream flow pattern, after which the aerodynamic
forces are analyzed as originating from the impulse required to alter the
momentum of the airstream and the static pressure. Fortunately, it is
possible to analyze lift on the premise of frictionless flow. Viscosity
effects do not enter until drag is sought. The dependence of lift of an
airfoil of infinite span upon circulation I', free stream velocity ¥, and
mass density p was proved independently by Kutta and Joukowski early
in this century. Later Prandtl and others extended the “circulation the-
ory” to cover the lift of finite wings. Joukowski’s proof, considerably
abbreviated, follows. The inherent tendency of an airfoil to create cir-
culation is replaced by a bound vortex. A section of airfoil of unit span
length is taken. The two flows are shown covering the same region in
Fig. 20. Of course this figure does not represent the actual stream flow
pattern since the latter would follow the vectorial combination of these
two flows. Consider the region enclosed by the imaginary cylindrical
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Fig. 20. Circulatory superimposed on rectilinear motion.

surface at radius r from the vortex center. Let » be large enough to have
circulatory velocity v small compared to rectilinear velocity ¥ and in-
tegrate for vectorial change in momentum in this cylinder and vertical
component of static pressure acting against it.

The velocity of circulation, v, is I'/(27r) and its combination with V'
gives the direction and magnitude of the stream line at point 4. The
mass of air leaving the cylindrical region at 4 is pds (V cos ¢) and its
vertical component of velocity is v cos ¢. The net vertical momentum
in the cylindrical mass of air, due to inflow and outflow, is

r
% (prdd)(V cos o) (ﬁ cos )

which simplifies to

p;‘ 4 %cos bdd

whence, by integration, the vertical impulse force is (pI'¥)/2. Since the
change of momentum is downward the impulse force is upward, i.e., it
is the lift. An integration of the horizontal component of momentum
yields zero net momentum.

Proceeding next to evaluate the static pressure, note that Bernoulli’s
theorem applied at point 4 is covered by the following statement. Let p
be the static pressure at 4, and p, the free stream static pressure; then

P _ P
+§(V+ v)2 —p0~l—§V2
After expanding (V -p v)? and dropping all v? terms (since 4 was chosen
to make v small relative to V),

p=po— phvsind

Since the second term on the right-hand side of this equation represents
the variation from free stream pressure at point 4, the lift (if any) will
be the line integral of its vertical component; i.e.,

vertical pressure component = % (pVv sin d)(sin d)(rdd)

= pV_F_ jg sin? dd
2w

_yr
)
The horizontal integral yields zero net pressure. The total lift per unit
of span is the sum of that originating from momentum and that origi-
nating from pressure. From the preceding demonstration it is seen that
each contributes equally to the total lift, which becomes p/T'.

Theory and experiment show that I is always sufficient to cause the
divided flow over the upper and lower surfaces to reunite at the trailing
edge without reverse flow.

If the aerodynamic chord of the wing is parallel to the free stream
velocity V, the lift is zero and obviously I' is zero. As the angle of attack
is increased I' increases nearly proportionately. The strength of the cir-
culation for an airfoil of chord ¢ at aerodynamic angle of attack a, is
saVca,, where a is the proportionating factor. Since lift, L, = p¥T'b (b
= span), it also equals

V2
ac, "T (be)
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Call aa,, the coefficient of lift, bc the area S, and (p¥?)/2 the dynamic
pressure g; then the lift equation becomes

L= CLqS

If the wing has a finite span (i.e., definite tips), the bound vortex,
assumed for the purpose of accounting for lift, is found to extend from
the tips downstream as a free vortex. The effect of these tip vortices is
to modify the air reaction since a downwash, w, is produced at the lift-
ing line (see Fig. 21). The effect of downwash is to change the lift
direction from L to L’ since the relative wind, V,, is now inclined. The
angle e is always small, so L' may be considered of the same magnitude
as L. However, L still remains the significant lift since the free stream
velocity is V. Consequently, a drag D, is introduced, although the origi-
nal assumption of zero air viscosity remains in order.

Fig. 21. Perspective of a section of
airfoil subject to downwash from the
free vortices at the tips.

Free
vortex
center

This induced drag is a feature of the motion of ideal, frictionless air
over a wing of finite span. The longer the span, the less the average
effect of downwash (since in vortex motion v ~ r~!) and the less the
induced drag, but it will not disappear unless the span extends to infin-
ity. By application of hydrodynamic theory beyond the scope of this
article, aerodynamicists have shown that:

(1) Minimum induced drag for a given lift and span will be had if
downwash is of constant magnitude over the span.

(2) Constant downwash will result from a bound vortex circulation
strength of elliptical spanwise character.

(3) Elliptical spanwise I" occurs on an untwisted airfoil of elliptical
planform.

(4) With elliptical T" a simple relation connects induced drag and
aspect ratio.

D, = L¥wAR

where AR represents the aspect ratio.
This relation holds for the coefficient, too.

Cpi = C*/mAR

D, _Cp _w
7= C, = 7, (nearly)

a=qa, +C,/mAR

It appears that a finite wing possesses an induced drag of Cp,; not
possessed by an infinite wing in ideal flow, also an induced angle of
attack, requiring the angle of attack a of the finite span to be more than
a, of an infinite span for the same lift per unit of span. The differences
of induced drags of two wings of the same airfoil profile at the same
lift coefficient but with different planforms follow naturally from the

above:

C? ( 1 1 >

m \AR, AR,
It is commonly assumed that the difference between the total drag co-
efficients of two wings of the same airfoil profile but different aspect

ratios is the difference in induced drag. Likewise, the difference in nec-
essary angle of attack to the free stream velocity for the same C; is:

_ =&(_1__L)
M 7% T AR, T 4R,

Cpn = Cpip =
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While these induced effects are premised on elliptical planform for the
wing, they hold very well for rectilinear wings with elliptical tips and
those with moderate taper ratio.

The lateral or spanwide distribution of lift on a wing depends on the
planform and the distribution of downwash. Two cases are illustrated—
an elliptical wing and a rectangular one. (See Fig. 22.)

c ds :
¢ Hds
I i : ¥
Lift Lift
l{ Induced drag \I Induced drag
b 0 ) b 0 i
7 2 ? 2

Fig. 22. Spanwise variations.

(1) The effect of downwash is to reduce the effective angle of attack
and hence the lift coefficient. The lift of any lateral element 4S is pro-
portional to the product of C; and c; hence the lift distribution of an
elliptical wing is elliptical, while its induced drag, mirroring the down-
wash, is constant.

(2) The downwash strength increases near the tips of a rectangular
wing. The lift coefficient accordingly declines and lift falls off at the
tip even though chord is maintained. Induced drag is strong at the tips.

Supersonic Aerodynamics

During World War II, certain fighter aircraft attained speeds which pro-
duced, on critical points of the airplane, local flow velocities of Mach
1.0 and higher, even though the airplane speed was less than that of
sound. Since that time, much greater speeds have been attained. This
performance introduced a new dimension to the science of aerodynam-
ics that is better addressed in a separate article devoted exclusively to
that topic. See Supersonic Aerodynamics.

For further coverage of aerostatics, see articles on Balloon; and Diri-
gibles and Airships.
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AEROELASTICITY. The study of both the static and dynamic ef-
fects of aerodynamic forces on elastic bodies. The swaying of bridges,
trees, smokestacks, and buildings are examples of the interplay of aero-
dynamic forces, inertia forces, and elastic properties of the structures.
The flutter of flags, aircraft wings, and sails are more examples. For
aircraft design, aeroelasticity is a most important study.

AEROGEL. A colloidal solution of a gaseous phase in a solid phase,
obtained usually by replacement of the liquid in the dispersed phase by
air or gas. Contrast with Aerosol.

AEROLITE. A general term for meteorites that are richer in the basic
silicates than in nickel and iron. See also Meteoroids and Meteorites.

AEROLOGY. See Meteorology.

AEROSOL. A colloidal system in which a gas, frequently air, is the
continuous medium, and particles of solids or liquid are dispersed in it.
Aerosol thus is a common term used in connection with air pollution
control. Studies of the particle size distribution of atmospheric aerosols
have shown a multimodal character, usually with a bimodal mass, vol-
ume, or surface area distribution and frequently trimodal surface area
distribution near sources of fresh combustion aerosols. The coarse
mode (2 micrometers and greater) is formed by relatively large particles
generated mechanically or by evaporation of liquid from droplets con-
taining dissolved substances. The nuclei mode (0.03 micrometer and
smaller) is formed by condensation of vapors from high-temperature
processes, or by gaseous reaction products. The intermediate or accu-
mulation mode (from 0.1 to 1.0 micrometer) is formed by coagulation
of nuclei. Study of the behavior of the particles in each mode has led to
the belief that the particles tend to form a stable aerosol having a size
distribution ranging from about 0.1 to 1.0 micrometer. The larger, set-
tleable particles (in excess of 1.0 micrometer in size) fall out, whereas
the very fine particles (smaller than 0.1 micrometer) tend to agglomer-
ate to form larger particles which remain suspended. The nuclei mode
tends to be highly transient and is concentration limited by coagulation
with both other nuclei and also particles in the accumulation mode. It
further appears that additional growth of particle size from the accumu-
lation mode to the coarse mode is limited to 5% or less (by mass). Thus,
the particulate content of a source emission and the ambient air can be
viewed as composed of two portions, i.e., settleable and suspended.

Both settleable and suspended atmospheric particulates have delete-
rious effects upon the environment. The settleable particles can affect
health if assimilated and also can cause adverse effects on materials,
crops, and vegetation. Further, such particles settle out in streams and
upon land where soluble substances, sometimes including hazardous
materials, are dissolved out of the particles and thus become pollutants
of soils and surface and ground waters. Suspended atmospheric particu-
late matter has undesirable effects on visibility and, if continuous and
of sufficient concentration, possible modifying effects on the climate.
Importantly, it is particles within a size range from 2 to 5 micrometers
and smaller that are considered most harmful to health because parti-
cles of this size tend to penetrate the body’s defense mechanisms and
reach most deeply into the lungs.

The term aerosol is also applied to a form of packaging in which a
gas under pressure, or a liquefied gas which has a pressure greater than
atmospheric pressure at ordinary temperatures, is used to spray a liquid.
The result of the spraying process is to produce a mist of small liquid
droplets in air, although not necessarily a stable colloidal system. Nu-
merous products, such as paints, clear plastic solutions, fire-extinguish-
ing compounds, insecticides, and waxes and cleaners, are packaged in
this fashion for convenience. Food products, such as topping and
whipped cream, also are packaged in aerosol cans.

For a number of years, chlorofluorocarbons were the most popular
source of pressure for these cans. Because of concern in recent years
over the reactions of chlorofluorocarbons in the upper atmosphere of
the earth that appear to be leading to a deterioration of the ozone layer,
some countries have banned their use in aerosol cans. Manufacturers
have turned to other gases or to conveniently operated hand pumps. See
Ozone.

See also Colloid System; and Pollution (Air).



AESTIVATION. Summer dormancy, the antithesis of the more famil-
iar hibernation. As an example, the African lungfish is known to burrow
down into the mud when the water begins to get low in the rivers and
lakes where it lives. Here, even though the mud dries into a hard cake,
the lungfish survives in a state of aestivation. Some have even been cut
out along with the surrounding dirt and shipped abroad. When the mud
again becomes moist with water, the lungfish becomes active and re-
sumes normal activity.

AFFINE TENSOR AND FREE VECTOR. A quantity that behaves
like a tensor under a linear (affine) coordinate transformation, but not
under a general coordinate transformation is called an affine tensor.
From an affine tensor it is possible to construct a free vector, that is, a
vector not related to a given point (non-localized vector).

AFLATOXIN. See Yeasts and Molds.

AFRICAN TRYPANOSOMIASIS. An infection by the flagellate
blood protozoan parasite Trypanosoma brucei which causes a fatal neu-
rological disease whose final stage in humans is sleeping sickness.
There are two epidemiological and clinical variants of the parasite: T.
rhodesiense and T. gambiense, which are carried by various species of
tsetse fly (Glossinia) in Africa between latitudes 15°N and 20°S. About
50 million people are at direct risk of contracting the disease, some
20,000 new cases being reported every year and thousands more going
unreported. Even more important than the direct threat to humans is the
fact that domestic livestock are susceptible to trypanosomiasis. Be-
tween them, the trypanosome and the tsetse fly make some four million
square miles (10.4 mil sq km) of Africa uninhabitable for most breeds
of dairy and beef cattle. However, dwarf, indigenous cattle and goats
live and survive within the tsetse zone. Having little or no access to
meat and dairy products, most of the human population is malnourished
and susceptible to other diseases.

The Gambian form of trypanosomiasis, found in West and Central
Africa, is without a known natural reservoir and is a milder, endemic
disease associated with fly breeding near streams. The Rhodesian
sleeping sickness of East and Central Africa is clinically more severe
and is carried by tsetse flies that breed in savannas and brushlands.

When the trypanosome is ingested by the tsetse fly, it lodges in the
midgut and undergoes a series of biochemical and structural changes.
When the fly bites a mammal, metacyclic trypanosomes are introduced
into the host’s blood stream, where they rapidly differentiate to a form
which can proliferate. In the human blood, cerebral fluid, lymph nodes,
and other organs, the trypanosome appears as a motile, pleomorphic
organism 15-30 micrometers long with a flagellum and undulating
membrane.

In humans, the disease is characterized by fever, insomnia, lymph
node enlargement, local edema and rash. After about six months of in-
fection, there may be invasion of the central nervous system producing
somnolence, confusion, wasting, coma and death. When untreated, the
disease is fatal within one year.

Trypanosomiasis defies vaccination because the human immune re-
sponse cannot protect against the infection. Typically, a fly will inject
trypanosomes into the host’s blood stream and the host will manufac-
ture an enormous number of antibodies, enough to destroy at least 99%
of the trypanosomes within a week or so, but the remaining few try-
panosomes will elude the human defense by changing the antigen
which constitutes their surface coat. These are effected by what is
known as the variable surface glycoprotein (VSG). By the time the im-
mune system has made new antibodies to bind to these new antigens,
some of the trypanosomes have shed their coats again and replaced with
yet another antigenetically distinct one. The host’s overworked immune
system is unable to cope with the infection and so the parasite prolifer-
ates.

Drugs currently available for treating trypanosomiasis—suramin,
pentamidine, or melarsoprol—are extremely toxic and also cannot pre-
vent reinfection. New forms of chemotherapy are being sought. The
trypanosomes cannot survive in the mammalian host without their pro-
tective surface coats. Therefore, drugs which interfere with the phos-
phoglyceride anchoring the VSG in the cell membrane, or which acti-
vate the enzyme releasing the VSG, may be therapeutic agents.
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Mammalian messenger RNAs do not have the specific sequence of 35
neucleotides required for the VSGs and a drug which interferes with the
synthesis of mMRNA may therefore disable the parasite. One of the latest
additions to the drugs for fighting the infection is alpha-difluoromethyl
ornithine (DFMO), which is a polyamine synthesis inhibitor developed
as an anti-tumor agent. The drug has been used dramatically in termi-
nally ill patients and may be more potent against trypanosomiasis if
combined with drugs, such as suramin.

Other approaches to elimination of the disease have involved eradi-
cation of the tsetse fly by spraying areas with insecticide or by distribu-
tion of sterile male flies. These methods, however, are expensive and
have not been effective over extremely large territory as previously
mentioned.
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AFTERBIRTH. The membranes and placenta expelled from the
uterus a short time after the birth of the child. See Embryo.

AFTER-IMAGE. The image “seen” after a portion of the retina has
been fatigued by continued fixed stimuli. For instance, if a person
stares fixedly at a black cross-mark on a sheet of white paper for a
minute or two and then suddenly looks at a blank wall, he will “see”
a white cross-mark on the wall. If the image he stares at is colored,
he will usually see an image of the complementary color on the wall.
A green cross on the paper, for instance, will result in the appearance
of a red cross on the wall. This is because the green-sensitive cones
of the retina have become fatigued but the red-sensitive cones have
not. The red-sensitive cones pick up the red light reflected from the
wall, but the green-sensitive cones do not pick up the green light in
a proper proportion.

AFTERSHOCK. See Earth Tectonics and Earthquakes.

AGAMIDS. Of the class Reptilia, subclass Lepidosauria, order
Squamata (scaly reptiles), suborder Sauria (lizards), infraorder
Gekkota, and family Agamidae, according to the classification of
Grzimek (1972), the agamids are the counterpart in the New World to
the iguanas of the Old World. See also Iguanas.

In most cases, these animals are strongly built, with long legs, a
rather large head, and a long tail. Usually, the tail cannot be discarded
and regenerated, as is the case with many lizards. The body and tail
are often covered by sturdy scales, almost always with a keel or ridge
and sometimes with spines; the scales on the head are small and are
not arranged symmetrically. The tongue is short and fleshy. Vision is
acute, playing a greater role than the sense of smell. There are distinct
eyelids covered with scales, and desert animals often have scales
along the edges like eyelashes to protect the eyes against blowing
sand. The auditory organ usually has an external eardrum. The diet
consists mainly of insects; the adults of larger forms are often her-
bivores or omnivores. There are 34 genera, comprising altogether
some 300 species.

Many species of these decidedly diurnal animals, particularly the
larger forms, live in very dry, even desert-like regions. However, in
southeastern Asia, countless agamids live on the ground, in trees, and
even in the water of the tropical rain forest.

In general, agamids behave in such a way as to prevent excessive
fluctuations in body temperature. Many desert dwellers sun themselves
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in the morning by positioning themselves perpendicular to the rays of
the sun, so that they receive the most radiant energy. See Fig. 1. At the
warmest time of day, in contrast, they make their bodies narrow and
orient toward the sun, often with the belly raised as far as possible off
the hot sand. In such desert animals, the scales on the belly are usually
light in color, in order to absorb the least radiation from the sand or rock
below. Other species live in crevices in large rocks or in a cave, and they
retire to these shelters for a while each day to avoid the midday heat.
The ground dwellers, in contrast to the aboreal agamids, are not later-
ally flattened, but rather are flat on the back and belly. Their coloring is
also related to heat regulation; among the desert forms, one finds very
dark lizards, colored so that they may lose excess heat by radiation
more quickly when they are in the shade.

¢!

Fig. 1. The common agama controls its temperature in a sensible manner—
warming up to its preferred temperature in the morning and positioning its body
perpendicularly to the solar radiation, and cooling off by removing excess heat in
the shade of a rock. (After H. Schifter.)

Agamids usually can change color as strikingly as chameleons. The
colors of the head, in particular, reflect several different moods, includ-
ing fear, eagerness to attack, and sexual excitation. Signals important
in social behavior are the characteristic bobbing of the head and the less
common waving of the forelegs. The males, in particular, bob their
heads at regular intervals to display to a female and to intimidate pos-
sible intruders. See Fig. 2.

Fig. 2. Head of a male common agama showing the threat display. (After H.
Schifter.)

Phylogenetic development of the agamids centered in the islands of
Indonesia and on the southeastern Asian mainland. From there, certain
ground-dwelling genera proceeded to colonize the Near East, Africa,
and Australia. In the west it was primarily the genus Agama, which
settled throughout Africa and the Near East. In the deserts of northern
Africa and the Middle East, the spiny-tailed lizards are also found, and
Phrynocephalus lives in western and central Asia. The range of the
mountain-dwelling genus Japalura extends as far as northern China.
The well-known moloch of Australia (genus Moloch) differs so radi-
cally from all other agamids that it probably has a long history of evolv-
ing in isolation. Later on, other agamids migrated to Australia, includ-
ing, for example, the bearded lizard, the frilled lizard, the semi-aquatic
Physignathus, and Gonocephalus. This last genus, which also inhabits
southeastern Asia, is to be found on a number of Polynesian islands as
well.

Some of the approximately sixty species of the agamids include:

1. The Common Agama.
2. The Black-Necked Agama, whose coloration is variable, but is

10.

12.

13.

predominantly green during courtship. His habitat is the savannas
of southern and eastern Africa.

. Kirk'’s Rock Agama has a low crest on the back, and the head of

the male is often a bright orange. It dwells in the rocky desert
areas, ranging from Zaire to Tanzania.

Bibron's Agama has a basically yellow-brown coloration. It lives
in the rocky deserts of Morocco, Algeria, and Tunisia.

. Desert Agama has rather inconspicuous coloring, except for dis-

plays of magnificent blue shading in the male during courtship.
The head is short and, as a desert dweller, has well-developed eye-
lids. It feeds primarily on grasshoppers. Distribution is along the
northern edge of the Sahara and the Arabian desert, from Mo-
rocco to Iraq.

. The Hardun has legs and tail that are covered with scales bearing

pronounced keels. Although predominantly insectivores, the har-
dun will also eat plants. It is found chiefly in rocky areas, often
close to human settlements. Originally distributed from Arabia to
western Turkey and on numerous islands of the Aegean Sea, more
recently the hardun has been inadvertently transported to north-
ern Greece, Corfu, and the vicinity of Alexandria (Egypt).

. Agama agilis has eyelash-like scales that are similar to the conical

lids of chameleons. The eyes are independently movable and thus
can fixate different objects simultaneously. This agama inhabits
southwestern Asia, from Arabia to Pakistan.

. Caucasian Agama are found in groups of two to twenty-five ani-

mals that live and hunt together within a fairly well-defined ter-
ritory, commonly at altitudes of up to 2700 meters, from Cau-
casia to Pakistan. In its homeland it is found everywhere in
close association with humans, having succeeded in turning the
continual destruction of the tropical African forests to its own
advantage.

Spiny-tailed lizards live in rocky desert regions from Senegal to
Egypt. They are quite variable in coloration, usually blackish with
spots and cross bands which may be yellow, orange, red, and, less
frequently, green. They are quiet animals and are easily supported
in captivity. The variable color of the skin enables these lizards to
carefully control heat radiation which they receive. They are usu-
ally quite dark in the morning (to absorb radiation) and of a light
color in the afternoon (to absorb less radiation).

Toad-Headed Agamids are among the smallest of the agamids.
They range from Caucasia and Arabia to western China.

. The Moloch of Australia is remarkable for its frightening appear-

ance, with its body and tail covered with large spiny scales. Al-
though of a dangerous appearance, the animal is quite harmless.
It consumes ants at an exceedingly rapid rate, sometimes consum-
ing nearly 2000 for one meal. The animal accommodates to arid
conditions by using its highly specialized skin structure. The skin
is equipped with threadlike canals between the scales. These ca-
nals suck up water in seconds, but do not discharge directly
through the body wall because, if the skin were permeable, body
water would escape. Rather, in a slow manner, the canals dis-
charge into the corners of the mouth, stimulated by the animal’s
mouth movements.

Frilled Lizard has no dorsal crest, but does have an enormous
“frill” (a fold of skin below either side of the head, supported by
a row of cartilaginous extensions). Normally, the frill is kept
folded back against the body, but during threat and courtship dis-
plays, the mouth is opened and the highly colored frill expands in
a dramatic manner.

Flying Dragons (genus Draco) is unique among all present-day
reptiles because of its specially adapted means for moving
through the air. These “dragons” have two large, winglike flaps of
skin, one on each flank. The last five to seven ribs are long, form-
ing the movable skeleton that supports these “wings,” which usu-
ally are folded flat along the body, but when the animal spreads
them, it can perform long gliding flights from tree to tree. Other
features of the body structure appear to have been “stylized” in
favor of lightness and flying ability. There are sixteen species of
Draco. All inhabit the tropical rain forest, often living high in the
crowns of trees. Although flights of 60 meters have been ob-
served, normally the distance is about 10 meters. Draco is wide-
spread on the Indonesian islands.



The Chamaeleons. Most zoologists regard these animals as descen-
dants of the ancient Agamidae because fossil forms have been found as
early as the Cretaceous period. In addition to an ability to change their
color, they have numerous distinct peculiarities, including their remark-
able eyes, which can be moved independently. Each eye has a scaly lid
in the form of a cone, with only a small opening in the middle for the
pupil. Also, the tongue can be shot out to an extraordinary length,
sometimes equal to the length of the animal. This is a great advantage
for capturing prey at a comparatively long distance. Chameleons also
are well adapted to arboreal life. The feet are modified and oppose one
another much like the thumb and fingers of primates. The tail is a pre-
hensile device, but, unlike many lizards, it cannot be broken off and
subsequently replaced. Their diet includes spiders, grasshoppers, and
stick insects, although in a terrarium they will accept other forms of
insects. Larger chameleon species also consume small lizards and nest-
ing mice. Their requirements for water generally are satisfied by licking
the dew from foliage.

Chameleons are egg layers—up to thirty or forty at a time, which are
buried in the ground. However, some mountain species are ovovivipa-
rous. Interesting characteristics of chameleons are shown in Fig. 3. The
ovoviviparous process of the dwarf chameleon is shown in Fig. 4.

Fig. 3. Some characteristics of the dwarf chameleon (Chamaeleo pumilus),
whose habitat is southern Africa. (a) To avoid falls, the animal climbs very care-
fully and anchors its body at five points, including the tail. (b) An old male dwarf
chameleon. (c) Aggressive posture of the short-horned chameleon (C. brevi-
cornis), whose habitat is Madagascar. Lobes behind the head are erected when
irritated by a finger in a terrarium. (After H. Schifter.)

Some of the numerous species of chameleons include:

1. The African Chameleon may be up to nearly 40 centimeters in
length. It ranges from western Africa to Ethiopia and Somalia,
where it is subjected to annual climatic changes. Thus, the terrar-
ium keeper must accommodate for such changes.

2. The common chameleon is found in tropical and southern Africa.
It is aggressive and lives preferentially on low trees and bushes,
but also descends to the ground, either to change its location or to
dig a hole some 20 centimeters deep, in which it lays thirty to
forty eggs. The principal enemy is the boomslang snake, which is
seldom deterred by the chameleon’s defensive mechanisms, in-
cluding its changing displays of coloration, expanding dewlap,
and hissing noises.

3. The African Two-Lined Chameleon is ovoviviparous. The animal
is light to dark brown, with stripes along the sides of the body. Ten
to twenty-five young are born alive at a time. The babies are only
about 4 centimeters long, but grow to their full size of 11 to 16
centimeters in less than one year.

4. The Dwarf Chameleon is also ovoviviparous and is found in the
cooler mountainous regions of southern Africa. Kastle observed
that a dwarf chameleon runs away in a crouched posture, with the
tail stretched out to impress and threaten its conspecifics, and
that, when threatened, it expands its throat, opens its mouth, and
rocks its body from side to side while wagging the head. The wag-
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Fig.4. The ovoviviparous birth of a dwarf chameleon. (a) Egg leaves the cloaca.
(b) Egg sticks to a twig. (c) Baby inside egg membrane. (d) Young chameleon
twists out of egg, leaving behind the empty shell with remnants of yolk. (After H.
Schifter.)

ging motion, like the bobbing of the head in other species, also
serves as a preliminary to mating.

5. The Outstalet’s Chameleon lives on the island of Madagascar and
ranges up to 63 centimeters in length. The creature is described as
a quick and snappish animal, with a marked requirement for
warmth. It principally feeds on large locusts, but can be adapted
to a terrarium by feeding it with small mammals and lizards.

Other chameleons include the Panther Chameleon, found on the is-
lands of Reunion and Mauritius; Parson s Chameleon, characterized by
two processes on the snout; Meller'’s Chameleon, which is the largest
chameleon outside of Madagascar; and the Stumped-Tailed Chameleon
of Madagascar, among others.

See also Lizards.

AGAR-AGAR. Now more commonly called “agar.”” A gelatine-like
substance which is prepared from various species of red algae growing
in Asiatic waters. The prepared product appears in the form of cakes,
coarse granules, long shreds, or in thin sheets. It is used extensively
alone or in combination with various nutritive substances, as a medium
for culturing bacteria and various fungi. See also Gums and Muci-
lages.

AGARICS (Agaricaceae; Fungi). This family of fungi is probably
better known than any other, since it contains most of the plants com-
monly described by the names toadstool and mushroom, which popu-
larly and mistakenly denote poisonous and edible fungi, respectively.
The Agarics are mostly fleshy fungi of that very definite structure,
the familiar parasol-like toadstool. This is composed of convex pileus
or cap, usually supported on an evident stalk. The underside of the
cap shows a series of radiating plates, or gills, which are formed in
agaric fungi only, and so serve to separate them from all others. The
two sides of the gills are covered with the microscopic spore-bearing
bodies called basidia, which are club-shaped or cylindrical cells bear-
ing spores, generally four each. Agarics vary in size from delicate
species with a cap a millimeter or so in diameter, supported by a slen-
der threadlike stalk, to massive forms twelve inches (30.5 centime-



62 AGATE

Sporophore of a mushroom (Agaricus campestris).

ters) in diameter: the larger species form millions of spores. See ac-
companying figure.

The spores float in the air for considerable distances, and finally
come to rest on some solid substance. Should this be favorable for ger-
mination, the spore puts out a slender tube, which elongates rapidly and
penetrates the substratum, from which it absorbs substances necessary
for its continued growth. Gradually this threadlike body, known as the
mycelium, spreads through extensive masses of substratum, branching
frequently as it does so.

Finally there is accumulated in the mycelium a supply of reserve food
sufficient for fruiting: then, if atmospheric conditions, such as moisture
and temperature, are suitable, the familiar toadstool appears, it being
only the reproductive stage of the fungus. Its rate of growth is often
phenomenal, as is also the force it may exert in its growth. Seemingly
delicate bodies not only break open the hard-packed surface of the
ground, but also may push aside pebbles of considerable weight. Not
infrequently whole rings of toadstools appear in a field, springing to
maturity in a single night—these are the familiar fairy rings, resulting
from the growing outward from a common source of the unseen myce-
lium.

When the young fruit-body first comes up it is completely enclosed
in a membranous skin known as the velum. As enlargement continues
this skin is broken. Often traces of the velum remain in the form of
flakes on the upper surface of the cap, and as a ring or annulus around
the stalk. Attempts have been made to find in these characteristics a
means for separating the edible from the poisonous species. However,
no reliable distinction is found here. Actually, unless one is absolutely
sure of the identity of a given species, the only safe rule is complete
abstinence. Classification is based on the color of the spore-masses,
and also the determination of the way in which the gills are attached to
the stalk, the color changes shown as a cut or broken surface dries, and
various other means.

A few species of Agarics, notably Agaricus (Psalliota) campestris,
are extensively cultivated, and justly esteemed as food. Other species
are violently poisonous, particularly species of the genus Amanita. Yet
certain Siberian people use Amanita muscaria, a poisonous species, to
produce a form of intoxication. Another common mushroom, the Inky-
cap, a species of Coprinus, has been used as a writing fluid, the sub-
stance of the toadstool breaking down into a fluid mass containing vast
numbers of black spores. See Basidiomycetes.

Mushrooms are cultivated extensively in certain regions, usually in
caves or specially constructed buildings. “Spawn” is prepared by inocu-
lating grain, commonly rye, with spores or mycelium of the desired
variety, and allowing the fungus to grow for a time. The spawn is spread
as “seed” upon beds of compost where the fungus develops the charac-
teristic mycelium described above. The compost is prepared from horse
manure, including the bedding straw, from ground corn cobs, hay, or
other organic materials. After the mycelium is established, the bed is
covered by a thin layer of carefully selected soil. Usually thousands of
mushrooms break through the soil at one time, and are harvested at the
proper stage of growth. The entire growth takes place in the dark under
controlled temperature and humidity.

Additional Reading
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Amer. Forests, 34 (March/April 1991).
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Lincoff, G., and D. H. Mitchel: Toxic and Hallucinogenic Mushroom Poisoning,
Van Nostrand Reinhold, New York, 1977.

Rinaldi, A., and V. Tyndalo: The Complete Book of Mushrooms, Crown Publish-
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AGATE. Agate is a variety of chalcedony, whose variegated colors
are distributed in regular bands or zones, in clouds or in dendritic
forms, as in moss agate.

The banding is often very delicate with parallel lines of different col-
ors, sometimes straight, sometimes undulating or concentric. The par-
allel bands represent the edges of successive layers of deposition from
solution in cavities in rocks which generally conform to the shape of
the enclosing cavity.

As agate is an impure variety of quartz it has the same physical prop-
erties as that mineral. It is named from the river Achates in Sicily where
it has been known from the time of Theophrastus.

Agate is found in many localities; India, Brazil, Uruguay, and Ger-
many are notable for fine specimens.

Onyx is a variety of agate in which the parallel bands are perfectly
straight and can be used for the cutting of cameos. Sardonyx has layers
of dark reddish-brown carnelian alternating with light and dark colored
layers of onyx.

See also Chalcedony; and Quartz.

AGAVE (Amaryllidaceae). A large genus of plants, particularly
abundant in Mexico, in which the thick rigid leaves form a basal rosette
from the center of which rises the tall flower stalk. Because of the time
required to store sufficient food reserves for flowering, certain species,
notably Agave americana, are called century plants from the belief that
they flower but once a century; actually flowering may occur in from 5
to 50 or more years. Once started, the flower stalk develops very rap-
idly, requiring immense quantities of sap. In Mexico, the flower stalk is
cut off early in its formation and the stump scooped out to form a cup
into which quantities of sweet sap exude. This sap is collected and fer-
mented to form pulque, a strong drink with an unpleasant odor. Dis-
tilled pulque gives a more potent drink, mescal. From the leaves of sev-
eral species, particularly Agave sisalana and A. fourcroydes, are
obtained fibers. These fibers occur as sclerenchyma sheathes surround-
ing the vascular bundles in the leaves. To obtain the fibers, the leaves
are cut off and the spiny tip and margin removed. Machines then heat
and scrape the leaves and wash them until the clean fibers are obtained.
These are then dried either in the sun or by artificial heat, and are ready
for export under the name of sisal or henequen, according to the species
from which they were obtained. Many species of 4gave are cultivated
for their ornamental value. See Century Plant.

AGENT ORANGE. Common name for a 50—50% mixture of the her-
bicides 2,4,5-T and 2,4-D, once widely used by the military as a defo-
liant. The mixture contains dioxin as a contaminant. See also Dioxin;
and Herbicide.

AGGLOMERATE. A term proposed by Sir Charles Lyell in 1831 for
coarsely graded volcanic ejectamenta similar in appearance to ordinary
conglomerates or breccias. An extremely thick and widespread accu-
mulation of so-called agglomerates occurs on the borders of the Yellow-
stone Park. These deposits, however, include numerous beds of water-
laid pebbles, gravels and sands, the latter containing fossil plants of
early tertiary age.

Because of the various interpretations of the term, it should be de-
fined in context.

AGGLOMERATION. This term connotes a gathering together of
smaller pieces or particles into larger size units. This is a very important
operation in the process industries and takes a number of forms. Spe-
cific advantages of agglomeration include increasing the bulk density
of a material, reducing storage-space needs, improving the handling
qualities of bulk materials, improving heat-transfer properties, improv-
ing control over solubility, reducing material loss and lessening of pol-
lution, particularly of dust, converting waste materials into a more use-
ful form, and reducing labor costs because of resulting improved
handling efficiency.



The principal means used for agglomerating materials include (1)
compaction, (2) extrusion, (3) agitation, and (4) fusion.

Tableting is an excellent example of compaction. In this operation,
loose material, such as a powder, is compressed between two opposing
surfaces, or compacted in a die or cavity. Some tableting machines use
the action of two opposing plungers which operate within a cavity. Re-
sulting tablets may range from { to 4 inches (3 millimeters to 10 centi-
meters) in diameter. Uniformity and dimensional precision are out-
standing. Numerous pharmaceutical products are formed in this
manner, as well as some metallic powders and industrial catalysts.

Pellet mills exemplify the use of extrusion. In some designs the
charge material is forced out of cylindrical or other shaped holes lo-
cated on the periphery of a cylinder within which rollers and spreaders
force the bulk materials through the openings. A knife cuts the extruded
pellets to length as they are forced through the dies.

The rolling drum is the simplest form of aggregation using agitation.
Aggregates are formed by the collision and adherence of the bulk par-
ticles in the presence of a liquid binder or wetting agent to produce what
essentially is a “snowball” effect. As the operations continues, the sphe-
roids become larger. The strength and hardness of the enlarged particles
is determined by the binder and wetting agent used. The operation is
followed by screening, with recycling of the fines.

The sintering process utilizes fusion as a means of size-enlargement.
This process, used mainly for ores and minerals and some powdered
metals, employs heated air which is passed through a loose bed of
finely ground material. The particles partially fuse together without the
assistance of a binder. Sintering frequently is accompanied by the vola-
tilization of impurities and the removal of undesired moisture.

The spray-type agglomerator utilizes several principles. Loosely
bound clusters or aggregates are formed by the collision and coherence
of the fine particles and a liquid binder in a turbulent stream. The mix-
ing vessel consists of a vertical tank, around the lower periphery of
which are mounted spray nozzles for introduction of the liquid. A suc-
tion fan draws air through the bottom of the tank and creates an updraft
within the mixing vessel. Materials spiral downward through the mix-
ing chamber, where they meet the updraft and are held in suspension
near the portion of the vessel where the liquids are injected. The liquids
are introduced in a fine mist. Individual droplets gather the solid parti-
cles until the resulting agglomerate overcomes the force of the updraft
and falls to the bottom of the vessel as finished product.

AGGLUTINATION. 1. The gathering of particles. 2. The clumping
together of bacteria or cells, resulting often from their reaction with the
corresponding immune or modified serum.

AGGLUTININ. One of a class of substances found in blood to which
certain foreign substances or organisms have been added or admixed.
As the name indicates, agglutinins have the characteristic property of
causing agglutination, especially of the foreign substances or organ-
isms responsible for their formation.

AGGRADATION. In geology, the building up of the surface of the
earth by deposition, as of sediment by a river in its valley. More specifi-
cally, the upbuilding caused by a stream so as to establish and maintain
a uniform grade or slope. The term also is used sometimes as a syno-
nym for accretion, as in the case of development of a beach. See also
Accretion; Alluvial Fan.

AGGREGATE. The solid conglomerate of inert particles which are
cemented together to form concrete are called aggregate. A well-graded
mixture of fine and coarse aggregates is used to obtain a workable,
dense mix. The aggregate may be classed as fine or coarse depending
upon the size of the individual particles. The specifications for the con-
crete on any project will give the limiting sizes which will distinguish
between the two classifications. Fine aggregate generally consists of
sand or stone screenings while crushed stone, gravel, slag or cinders are
used for the coarse aggregate. The aggregates should be strong, clean,
durable, chemically inert, free of organic matter, and reasonably free
from flat and elongated particles since the strength of the concrete is
dependent upon the quality of the aggregates as well as the matrix of
cementing material. See also Concrete.
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AGGRESSIN. A product of bacterial metabolism which impairs the
defensive mechanisms of the blood of the host.

AGING. See Gerontology and Geriatrics.

AGRANULOCYTOSIS. This is a potentially serious syndrome in
which the white cells may be greatly decreased or almost absent from
circulation. Because the granulocytes are important in protecting the
body against infection, an individual deprived of these defensive forces
for long may have an overwhelming invasion of the bloodstream and
organs with dangerous disease-producing organisms. See also Blood.
Important symptoms include general weakness, prostration, headache,
shaking chills, and progressive ulcerative throat lesions. Diagnosis
must be confirmed by studies of the bone marrow.

The syndrome of agranulocytosis may result from an overwhelming
infection, releasing toxins specifically destructive to the bone marrow

-and lymphatic systems. It may develop secondary to allergic sensitiza-

tion to drugs with antigenic properties, such as aminopyrine, cimetid-
ine, potassium-sparing diuretics, procainamide, propanolol, and sul-
fapyridine. Industrial toxins, particularly benzol, may damage the
marrow similarly.

AGREEMENT (Coefficient of). This coefficient relates to the situ-
ation where m observers each provide paired comparisons for » objects.
A coefficient of agreement between the verdicts of the m observers is
given by

&
" m(m—D)(n—n

where 3, is the sum of the number of agreements between pairs of
judges.

The coefficient may vary from —1/(m — 1), if m is even, or — 1/m,
if m is odd, up to +1 if there is complete agreement.

AGROSTOLOGY. The science of grasses, including classification,
management, and utilization. See Grasses.

AGULHAS CURRENT (also called Agulhas Stream). A generally
southwestward-flowing ocean current of the Indian Ocean; one of the
swiftest of ocean currents.

Throughout the year, part of the south equatorial current turns south
along the east coast of Africa and feeds the strong Agulhas current. To
the south of latitude 30°S, the Agulhas current is a well-defined and
narrow current that extends less than 100 kilometers (62 miles) from
the coast. To the south of South Africa, the greatest volume of its waters
bends sharply to the south and then toward the east, thus returning to
the Indian Ocean by joining the flow from South Africa toward Austra-
lia across the southern part of that ocean. However, a small portion of
the Agulhas current water appears to round the Cape of Good Hope
from the Indian Ocean and continue into the Atlantic Ocean.

AIDS. See Immune System and Immunology.

AIChE. The American Institute of Chemical Engineers was founded
in Philadelphia, Pennsylvania, in 1908 to serve which, at that time, was
an emerging new engineering discipline, chemical engineering. The
general aim of the Institute is to promote excellence in the development
and practice of chemical engineering through semiannual district meet-
ing and an annual national meeting for the presentation and discussion
of technical papers and the exhibition of equipment and materials used
in chemical engineering projects. The Institute publishes several peri-
odicals, including the AIChE Journal, International Chemical Engi-
neering, and Chemical Engineering Progress. Technical divisions of
the AIChE include Computer and Systems Technology, Engineering
and Construction Contracting, Environmental Technology, Food, Phar-
maceutical and Bioengineering, Forest Products, Fuels and Petrochemi-
cals, Heat Transfer and Energy Conversion, Management, Materials
Engineering and Sciences, Nuclear Engineering, Safety and Health,
and Separations Technology. The Institute sponsors research projects in
cooperation with corporate, governmental, and institutional sources,
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including the Center for Chemical Process Safety (CCPS), the Center
for Waste Reduction Technologies (CWRT), the Design Institute for
Emergency Relief Systems (DIERS), the Design Institute for Physical
Property Data (DIPRR), the Process Data Exchange Institute (PDXI),
and the Research Institute for Food Engineering. Headquarters of the
AIChE is in New York City.

AILERON. The aileron is one of the three aerodynamic surfaces of
an airplane which are variable in position at the will of the pilot, the
purpose of which is to provide the required degree of maneuverability
and control of the aircraft about its longitudinal axis. The aileron is that
surface which causes the necessary forces to be produced to induce
rotation of the aircraft.

This motion is known as roll, which is employed to correct other rolls
produced unintentionally, as by gusts—when not used to accomplish
such maneuvers as banks or sideslips.

The conventional type of aileron is a flap inserted in the trailing edge
of the wing, usually at the tip. This flap is rotatable around its forward
axis, upward and downward, and in effect changes the camber of the
airfoil. The result is a change of pressure on that portion of the wing
over which the aileron extends. The change in pressure is greater on
the side where the aileron is rotated downward and less on the side
where it is rotated upward. The difference in pressure causes the air-
plane to roll. When the airplane has reached the required angle of bank,
the ailerons are returned to neutral. The ailerons are then used in the
opposite direction to bring the airplane to its level or normal position,
when again the ailerons are returned to neutral. The principal defect
of the flap-type aileron is that it becomes relatively ineffective when,
for safety’s sake, it is needed to be most effective, i.e., when the air-
plane approaches the stall, or is stalled. (This stall situation refers to
the aerodynamic stall of the wing, not to the stall of the engine.) With
adequate control of roll during a stall, many serious accidents involv-
ing tailspin can be avoided. This defect can be minimized by careful
design, and avoided by proper handling of the aircraft. The flap-type
ailerons produce some adverse yawing moments, in addition to the de-
sirable rolling moments. This yawing moment is counteracted by use
of the rudders.

The aerodynamic efficiency, simplicity, and reliability of the flap-
type aileron are better than for other types, such as wing-tip ailerons
and spoiler ailerons. See also Aerodynamics and Aerostatics.

AIMLESS DRAINAGE. A type of drainage or stream pattern that
occurs in low swampy lands; particularly characteristic of glaciated re-
gions of low relief. Essentially, drainage without a well-developed sys-
tem.

AIR. Inaddition to being the principal substance of the earth’s atmos-
phere, air is a major industrial medium and chemical raw material. The
average composition of dry air at sea level, disregarding unusual con-
centrations of certain pollutants, is given in Table 1. The amount of
water vapor in the air varies seasonally and geographically and is a
factor of large importance where air in stoichiometric quantities is re-
quired for reaction processes, or where water vapor must be removed in

TABLE 2. WATER CONTENT OF SATURATED AIR

TABLE 1. COMPOSITION OF AIR

Constituent Percent by Weight Percent by Volume
Oxygen (O,) 23.15 20.95
Ozone (0,) 1.7 X10°¢ 0.00005
Nitrogen (N,) 75.54 78.08
Carbon dioxide (CO,) 0.05 0.03
Argon (Ar) 1.26 0.93
Neon (Ne) 0.0012 0.0018
Krypton (Kr) 0.0003 0.0001
Helium (He) 0.00007 0.0005
Xenon (Xe) 5.6 x1073 0.000008
Hydrogen (H,) 0.000004 0.00005
Methane (CH,) trace trace
Nitrous oxide (N,0) trace trace

Temperature Water Content
(Pounds in 1 Pound of Air, or

(°F) (') Kilograms in 1 Kilogram of Air)
40 4.44 0.00520
45 7.22 0.00632
50 10 0.00765
55 12.8 0.00920
60 15.6 0.01105
65 18.3 0.01322
70 21.1 0.01578
75 23.9 0.01877
80 26.7 0.02226
85 294 0.02634
90 322 0.03108
95 35.0 0.03662
100 37.8 0.04305
105 40.6 0.05052
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air-conditioning and compressed-air systems. The water content of air
for varying conditions of temperature and pressure is shown in Table 2.
The water content of saturated air at various temperatures is shown in
the accompanying figure. See also Oxygen; Nitrogen; and Pollution
(Air).

AIR AND OTHER GAS COMPRESSION. The compression of air
by mechanical means, and the raising of it to some desired pressure
above that of the atmosphere, is effected, usually, by an approximate
adiabatic change of state.

If the ideal compression were possible, it would be represented by the
following equation showing the relation between pressure and volume:

PV = a constant



A compression of this nature may heat the air to temperatures which
would interfere with reliable action of an air compressor and introduce
lubrication difficulties, were there no provision for cooling the cylinder
walls. Therefore, in compressors we find the cylinders to be externally
finned or water-jacketed so that sufficient cooling is secured to keep
the temperatures from becoming excessive. The extraction of heat from
the cycle in this way modifies the conditions of compression from the
ideal to some change more nearly represented by

PIm=C

in which n usually lies between 1.35 and 1.4. The ratio of the tempera-
ture before and after compression is expressed by the following equa-
tion, the temperatures being degrees Fahrenheit absolute.

E 3 K]_ n—1

L |7
In compression to high pressures, the temperature rise may be too great
to permit the compression to be carried to completion in one cylinder,
even though it is cooled as mentioned above. In high-pressure compres-
sors, the compression is carried out in stages, with a partial increase of
the pressure in each stage, and cooling of the air between the stages.
Two- and three-stage compression is very common where pressures of
300-1000 Ibs. per sq. in. (20—68 atmospheres) are needed.

The volume of clearance air should be made as small as possible in
order to improve the volumetric efficiency of the compressor, since the
clearance air must expand to the suction pressure before the cylinder
can begin to be charged.

The mechanical construction of air compressors varies with the
amount of compression required and the character of service.

Air Compressors. Mechanical air compressors can be classified into
two major groups (1) reciprocating compressors of the piston-and-cyl-
inder type; and (2) rotating compressors, which may be further divided
into a number of kinds. Since the reciprocating compressors were the
earliest type to be developed, at any rate for higher pressors, they are
discussed first in this entry.

Reciprocating Compressors. A common type of air compressor is
the piston and cylinder compressor in which a reciprocating piston
positively displaces the air from a cylinder during its discharge stroke.
Compressors for charging tanks of air used to inflate pneumatic tires at
the numerous automotive service stations are of the reciprocating type.
Being of small capacity they are generally single acting and air cooled
(by exterior fins) since those features are common in small compres-
sors. Larger compressors, unless for extremely high pressure, are usu-
ally double acting and frequently cooled by water jackets. One or two
cylinder arrangements are conventional, with a tendency to secure large
capacity by increased bore and stroke rather than by multiple cylinders.
Pistons are reciprocated by a crankshaft and connecting rod mechanism
commonly deriving motion from the driving source by belt. Valves are
springloaded to open upon slight differential pressures.

The compressor cycle is shown in Fig. 1. The discharge stroke which
begins at A builds up the pressure to B where it exceeds the receiver
pressure sufficiently to open a discharge valve. Discharge then takes
place at a constant control pressure from B to C. The volume C is the
clearance volume of the compressor. The air in the clearance volume
must expand to D during the suction stroke before the inlet valve will
open. Thus the volume of air drawn in per stroke is only that from D to
A. Obviously the compressor should have as small a clearance as pos-
sible in order to obtain good volumetric efficiency, especially at high

4
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Fig. 1. Reciprocating compressor cycle.
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discharge pressures. Small compressors may be operated with high
compression ratios (8—12) if desired because cooling is more effective
in small cylinders and mechanical strength is readily provided. Large
volumes compressed to ratios exceeding 4 will need a multi-stage com-
pressor to permit cooling between stages and to lessen the structural
loads on the large first stage cylinders.

Rotating compressors may be classified into four types ranging from
the (1) centrifugal and (2) axial compressors that are often used for high
pressure service to (3) blowers and (4) fans used for low pressure—
large volume operation. Since, however, the term compressor is so often
restricted to higher pressure service, blowers and fans are treated in
separate entries in this book, leaving this one to deal with centrifugal
and axial flow compressors.

Centrifugal Compressors. A rotating impeller mounted in a casing
and revolved at high speed will cause a fluid which is continuously
admitted near the center of rotation to experience an outward flow and
a pressure rise due to centrifugal action.

Assume that an impeller with radial blades of depth », — | is revolv-
ing at a speed of o radians per minute. This is illustrated in Fig. 2.
Consider that a compressible fluid (a gas) is admitted at the center and
flows into the impeller radially. Relative to the impeller blades it has an
outward radial flow, finally emerging with some absolute velocity v,
which is partially diffused into pressure. In addition a pressure gradient
must exist to balance the sum of all the incremental mrw? inertia forces
arising from the inward acceleration rw? given each particle of the
fluid. The interrelation of r, w, P, can readily be developed by consid-
ering the power required as (1) that necessary for the thermodynamics
of compression, and (2) that which would account for the action of the
impeller in effecting certain momentum changes on the fluid.

Fig. 2. Impeller for centrifugal compressor.

Without detailing the algebraic procedure, it may be stated that the
ability of an impeller to raise the fluid pressure is expressed by the ratio
of discharge to inlet pressure, i.e., P,/P,

& _ [1 N nzuzz :|]/z
A gRT,
g=322
R = 53.4 for air
z = a gas coefficient, about 0.286 for air
T, = energy coefficient. This would be 1.0 if the flow through
the impeller were non-turbulent and frictionless.
Typically, n = .75 to .85.
u, = impeller rim velocity, ft per sec.

For pressure ratios higher than can be obtained from the action de-
fined above, several impellers may be mounted on the same shaft and
enclosed in a compound casing with passages arranged to lead the out-
put from one impeller to the “eye” of the next. This multistaging prin-
ciple is used to produce pressures above the capability of a single im-
peller compressor. Multi-stage compression may have cooling between
the stages so the overall compression may be more isothermal than adi-
abatic. If compression were isothermal

= enuZ/gRT

-l
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Stator

Fig. 3. Velocity relations in axial-flow compressing blading.

Axial-flow Compressors. Figure 3 illustrates the compressing action
in an axial-flow multistage compressor. Air flows over a set of station-
ary airfoils (arranged circumferentially as fixed blading) with an angle
of attack a. As the airfoil aspect ratio is small, the downwash created is
considerable. Downwash turns the air stream through angle e, which
results in a flow channel of increasing cross section. The diffusion thus
effected slows down the air velocity to ¥, and increases pressure. The
moving airfoils (rotor blades) receive this air stream at ¥ as a result of
the vectorial combination of air stream velocity ¥V, and blade speed U.
Relative to the moving airfoils the downwash again causes a diffusion
of velocity and another increase of pressure. The relative velocity V,
leaving the moving blades produces an absolute final velocity of Vs
because of blade motion. Suitable combinations of U and « enable Vs
to duplicate V| and permit a similar following stage. The blade height
in the following stage is decreased because of the smaller specific vol-
ume of the compressed air. Increasing a will increase the pressure rise
without much decrease in volume. The axialflow compressor should be
designed for conservative a’s for two reasons. First, an operation near
the stalling angle would be hazardous as small variations of a might
occur which could burble the airfoils and cause an unstable, rough, or
even hazardous condition to exist. Secondly, axial-flow compressors
may be employed under conditions where utmost efficiency is impera-
tive (as in gas turbine power units) and a should create the optimum
favorable balance between good downwash and minimum turbulent air-
foil wake. Axial-flow compressors have been built with energy effi-
ciences as high as 90%. They may be operated effectively at high
speeds, i.e., 5000-50,000 rpm.

The compression of air and other gases may also be secured by the
employment of steam jets if an admixture of vapor in the compressed
gas is not undesirable. High-pressure steam is blown through nozzles
which create a high-velocity jet. The gas to be compressed is led into
the regions about the nozzle discharge where it is entrained in the steam
jet. The mixture then travels into a diffuser for compression and atten-
dant velocity reduction. Although the compression thus achieved is of
limited magnitude, staging the compression in a series of nozzles, with
intermediate coolers for partial condensation of vapor, allows moderate
compression ratios to be achieved.

See also Gas and Expansion Turbines.

Screw Compressors. Although invented in the 1930s, the oil-in-
jected screw compressor was not considered seriously by the oil and
chemical industries until the 1960s. Today, screw compressors are used
widely in refrigeration and natural gas compression. These compres-
sors are oil-injected helical screw machines that are positive-displace-
ment devices. See Fig. 4. In this compressor, a volume of gas is trapped
in a defined space. The volume is reduced with a corresponding pres-
sure increase, as in a reciprocating compressor. As pointed out by B. C.
Price (Arco Oil & Gas Co.), “The difference is that this compression
action occurs without reciprocating motion and the resulting pulsa-
tions. Gas is transported axially through the machine in a continuous
flow without pulsations. Compression is accomplished without the
need for suction and discharge valves and thus has fewer moving parts.”

The screw compressor consists of two rotors enclosed in a pressure-
containing casing. The rotors differ in shape and are identified as the
“male” and “female” unit. The male rotor has four lobes with an asym-
metric profile formed helically along the shaft. These lobes mesh with
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Fig. 4. Schematic of screw-type gas compressor. (After Price.)

the six flutes of the female rotor. As the units rotate, gas is drawn
through the suction nozzle into the interlobe space. As rotation contin-
ues, the rotors mesh to trap the gas and isolate it from the suction. The
volume of gas constantly is reduced along its path, with a resulting
increase in pressure. While the gas is being moved along axially, the
next charge of gas is drawn into the machine and the process is re-
peated.

Further details on the machine can be found in an article by B. C.
Price (Chemical Eng. progress, 50, February 1991).

AIRCRAFT ICING. Aircraft flying in airspace that is also occupied
by liquid water drops and droplets at temperatures below 0°C experi-
ence ice accumulation on the leading edges and surfaces of their struc-
tures. Water can remain in liquid form to temperatures near —40°C al-
though most clouds tend to be composed of ice crystals in the
temperature range of —20 to —30°C or lower. The airspace in which
aircraft icing is most commonly encountered lies between the earth’s
surface and 20,000 feet (6000 meters).

There are several factors involved in aircraft icing. The amount of
supercooled water in the space swept out by the moving plane deter-
mines in major part the intensity of icing, i.e., the rate of accumulation.
The speed of the plane is another factor because at high speeds the
plane sweeps out more space in less time. Drop and droplet size has a
modifying effect on accumulation. Very small droplets tend to follow
the airflow around the plane’s surfaces and do not impact to freeze.
Large drops like rain tend to abandon the airstream, impact on the plane
and freeze. A cloud with large numbers of very small droplets therefore
may be much less of a hazard than airspace containing many fewer
drops of falling rain.

The temperature of the airspace determines in large part the type of
icing. When drops and droplets freeze instantly the water material does
not have time to assume a crystalline structure and the ice formation
tends to be opaque, often granular with occluded air, usually less dense
than clear ice, and frequently an irregular surface. This is rime ice. On
the other hand, when liquid droplets and drops do have time to crystal-
lize, the ice formation tends to be more or less clear, usually near the
denisty of ordinary ice and tends to assume the shape of the external
aircraft surfaces over which it spreads as it freezes. This is clear ice.
Temperatures just less than freezing are conducive to clear icing and
temperatures well below 0°C are associated with rime icing. See Figs.
1 and 2. Aircraft icing is usually a mix of the two types with the propor-
tion of the two related to the temperature.

Clouds most prone to contain an icing hazard are those of cumulo
form including billowing stratocumulus. Clouds least prone to contain
icing or to contain icing of lesser intensity are stratus. Rain falling from
a warm layer of air into a cold lower layer whose temperature is less
than 0°C is the most intense of all icing conditions. Meteorological ar-
rangements that produce freezing rain or supercooled rain are predomi-



Fig. 1. Rime ice accumulation on the leading edge of a wing tends to be ir-
regular, rough, and a spoiler of the air flow, but is not as heavy as clear ice.

Fig. 2. Clear ice accumulation on the leading edge of a wing tends to be smooth
and symmetrical, but heavy.

nantly along the cold side of warm fronts and secondarily behind cold
fronts. Aircraft icing remains a very serious problem.
For references, see entries on Climate; and Meteorology.

Peter E. Kraght, Certified Consulting Meteorologist,
Mabank, Texas.

AIR CONDITIONING. See Heat Pump; Solar Energy.

AIR GAP. This term is commonly used in connection with various
magnetic circuits and denotes a gap left in the magnetic material. In the
construction of various chokes and transformers used in communica-
tions circuits a short gap is usually left in the core material to prevent
saturation of the magnetic material by the d.c. which often flows in the
one or more windings wound on the core material. See Electromagnet.

In rotating electrical machinery the rotating part of the magnetic cir-
cuit must, of course, be separated by a gap. In these machines this gap
is kept as small as is consistent with adequate mechanical clearance. In
most instances the gap introduces no desirable electrical or magnetic
characteristics and necessitates the application of additional electrical
energy to overcome its reluctance. The term air gap is sometimes used
to denote any spark gap, comprising two electrodes separated by a fluid,
commonly air.

AIR LIFT PUMP. An air lift is a water pumping method whereby
water may be raised from a well through the medium of compressed air.
The drop pipe in the well is supplied at the bottom with compressed air
from a small air pipe, and the effect of mixture of air and water at the
bottom of the drop pipe is to bring water to the surface. This is accom-
plished either by the water acting as pistons, trapping intermediate lay-
ers of air, the expansion of which drives the water pistons to the surface;
or by the mingling of air and water, forming a mixture that is suffi-
ciently lighter than the undisturbed water in the well so that the mixture
rises above the surrounding water. In order for this rise to reach the
surface the discharge pipe must be submerged in the water of the well
an amount varying from 100-300% of the actual lift. The pumping ef-
ficiency of the system is very low, but it is very suitable for handling
gritty or corrosive waters.

AIR LOCK. An air lock is an air-tight compartment in which the
air pressure may be regulated to any desired intensity. When workers
are required to work in regions where the air pressure is above that
of the atmosphere, an air lock must be provided to permit passage of
the workers from the open atmosphere to the pressure region. Thus,
in the case of caissons, where workers must labor under a high
enough pressure to equalize the hydrostatic pressure existing at the
bottom of the caisson, or in tunnels where flooding is avoided by
forcing compressed air into it at sufficiently high pressures to hold
the water back, the air lock is a feature essential to the maintenance
of pressure during the admission of workers. Separate air locks are
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generally provided for materials and spoil removal. In construction
work, the air lock is a chamber of sufficient size to hold the number
of persons that must be accommodated in it at one time. It is provided
with well-braced doors having sealing-type edges and tightening
locks. The chamber is equipped with valves for admitting and releas-
ing air and with safety devices to prevent excessive pressures endan-
gering the lives of the occupants. The air lock must have two air-tight
doors, one leading to the atmosphere, the other leading to the pressure
region. These doors open inward so that the pressure in the air lock
tends to tighten them against the frame. To enter a pressure region,
a caisson for example, the workers enter the air lock, after which the
door leading to the atmosphere is tightly fastened. Compressed air is
then slowly admitted until the pressure in the air lock equals that in
the caisson, after which the connecting door may be opened without
trouble or loss of air from the working chamber. After the workers en-
ter the caisson, the air lock door is tightly closed, after which the air
lock may be opened from the outside without affecting conditions
within the caisson.

AIR MASS. A very large bulk of air, having properties (tempera-
ture, humidity, thermal structure) that vary only slightly, or vary line-
arly from point to point within the parcel. Air masses range from
about 5005000 miles (805-8045 kilometers) in lateral dimensions.
They develop over large, relatively homogeneous, geographical areas
where air is stagnant for a sufficient period to acquire the charac-
teristics of that region. These regions are either continental or mari-
time and are known as air-mass source regions. After an air mass be-
gins to move from its source region, it acquires modifying features
characteristic of the surface over which it travels. Modification con-
tinues until the air mass loses its identity in the general atmospheric
circulation.

A number of systems have been proposed for the classification of air
masses, but the Bergeron classification has been the most widely ac-
cepted. In this system, air masses are designated first according to the
thermal properties of their source regions: tropical (T); polar (P); and
less frequently, arctic or antarctic (A). For characterizing the moisture
distribution, air masses are distinguished as to continental (c) and mari-
time (m) source regions. Further classification according to whether the
air is cold (k) or warm (w) relative to the surface over which it is moving
indicates the low-level stability conditions of the air, the type of modi-
fication from below, and is also related to the weather occurring within
the air mass. This outline of classification yields the following identi-
fiers for air masses: cTk, ¢cTw, mTk, mTw, cPk, cPw, mPk, mPw, cAk,
cAw, mAKk, mAw.

Other classification systems introduce further distinction between
stable (s) and unstable (u) conditions in upper levels. Some include
equatorial (E), monsoon (M), or superior (S) air. Others omit the arctic
(A) type and classify all air masses on the basis of polar and tropical
air, separated by the polar front.

The major air classification types may be defined as follows:

Tropical air is developed over low latitudes. Maritime tropical air
(mT), the principal type, is produced over the tropical and subtropical
seas. It is very warm and humid, and is frequently carried poleward
on the western flanks of the subtropical highs. Continental tropical air
(cT) is produced over subtropical arid regions, and is hot and very
dry.

Polar air is developed over high latitudes, especially within the sub-
polar highs. Continental polar air (cP) has low surface temperature, low
moisture content, and, especially in its source regions, great stability in
the lower layers. It is shallow in comparison with arctic air. Maritime
polar air (mP) initially possesses similar properties to those of conti-
nental polar air; but in passing over warmer water, it becomes unstable
with a higher moisture content.

Arctic air is developed mostly in winter over arctic surfaces of ice
and snow. It is cold aloft and extends to great heights, but the surface
temperatures are often higher than those of polar air. For two or three
months in summer, arctic air masses are shallow and rapidly lose their
characteristics as they move southward.

Continental air is developed over a large land area, and has the basic
continental characteristic of relatively low moisture content.

Maritime air is developed over an extensive water surface, and has
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the basic maritime quality of high moisture content in at least its lower
levels.

Equatorial air, according to some classifications, is the air of the
doldrums, or the equatorial trough, to be distinguished somewhat
vaguely from the tropical air of the trade-wind zones. Tropical air “be-
comes” equatorial air when the former enters the equatorial zone and
stagnates. There is no significant distinction between the physical prop-
erties of these two types of air in the lower troposphere.
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